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CITY AND GUILDS OF LONDON INSTITUTE EXAMINATIONS, 1967 


QUESTIONS AND ANSWERS 


\ 

\ 

\ 


\ 

j 


Answers are occasionally omitted or reference is made to earlier Supplements in which questions of substantially the same form, together with 
the answers, have been published. Some answers contain more detail than would be expected from candidates under examination conditions. 

MATHEMATICS A, 1967 (continued) 


Q . 8. (a) Express x 2 + 6* — 4 in the form (x + a) 2 + b where 
a and b are constants. Hence, solve the equation ** + 6x — 4 = 0. 

(b) Solve the equations , 

(/) (50* - 31)* = 121, 

3* - 1 ~ 37+1 = ** 

A. 8. (a) x' + 6x - 4 = x‘ + 6x + - 4 - (j)’, 

= x‘ + 6x + 9 - 4 - 9, 

= (x + 3)* - 13. 

i.e., a = 3 and b = — 13. 

Thus, when * a + 6* — 4 = 0, 

(* + 3)* - 13 = 0, 

or, x + 3 = ± Vl3 = ± 3-606. 

* = 0-606 or — 6-606. 

(b) (/) (50* - 31)* = 121 = 11*. 

50* - 31 = ± 11. 

.\ 50* = 31 + 11, or, 50* = 31 — 11, 
i.e., 50* = 42 or 20. 

.*. * = 0-84 or 0-4. 

(,i) 3* - 1 - 3x + 2~ *- 

Multiplying the equation by (3* — 1) (3* + 2), 

3 (3* + 2) - 2 (3* - 1) = (3* - 1) (3* + 2), 
or, 9* + 6 — 6* + 2 = 9** — 3* + 6* — 2. 

/. 3* + 8 = 9** + 3* - 2, 
and, 9* 2 = 10. 



3-162 
± 3 , 

= ± 1 054. 


Q . 9. In Fig. 3 a cathode-ray tube has an outer casing consisting of an 
open cylinder , length 3 in. and diameter 2-25 in., connected to part of a 
cone having a base diameter 9 in. The distance between the base and the 
end of the cylinder is 4 5 in. Show that the height of the complete cone of 
which part is shown is equal to 6 in., and calculate the total outside 
surface area of the tube. 



A. 9. See sketch (a). Assuming the cone to be a right circular cone, 
then the sides CB and DE, when produced, will meet in a point A 
which is on the axis AGF of the cone. G will be the mid-point of BE 
and F that of CD and AF will be at right angles to BE and CD. 

Triangles ABG and ACF are similar. 
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MATHEMATICS A, 1967 ( continued ) 


„ BG AG AG 
Hence ’ CF “ AF “ AG + GF * 


AG + 4 5 ’ 

or, 1*125 AG + 1*125 x 4*5 = 4 5 AG. 

3*375 AG = 1*125 X 4-5. 

•125 x 4*5 


or, AG = 


3*375 
= 1*5 in. 


Hence, the height of the complete cone, AF = AG -f GF, is 
6 in. Q.E.D. 


Total outside surface area of the cathode-ray tube 

= curved surface area of cylindrical portion 
+ curved surface area of the part-cone 
+ circular flat area of the base of the cone. 


For curved surface area of the part-cone see sketch ( b ). 


Then, curved surface area of the part-cone 
= area of sector cdc' with radius ac 
— area of sector beb' with radius ab 


. e U8 o 

=* rrac 8 =-nab 8 ' 

2 it 2 n 


= y(ac 8 - ab 8 ), 

- fg(C7*)* - 0*)«). 

= 1*885 (5*625 x 9*375), 
= 99*38 in*. 


No. 

1-885 

5-625 

9-375 


Log. 

0-2753 

0-7501 

0-9719 


1-9973 


Hence, total outside surface area of the cathode-ray tube 


- n x 2*25 X 3 + 99-38 + n x 4*5* in 8 , 
= rr (6*75 + 20*25) + 99*38 in 8 , 

= 84 84 + 99*38 in*, 

= 184-22 in*. 


No. 

rr 

27 


0-4972 

1-4314 


1-9286 



If one imagines the cone to be cut along the slant height ABC and 
‘unwrapped’ into a plane, then the curved surface area assumes the 
circular shape shown in sketch (6), which is known as the development 
of this area. Then, ac = AC, ab = AB and the periphery cdc' is 
equal in length to the circumference of the circle with F as centre and 
CF as radius. 

If 0 is the reflex angle cac', then, 
arc cdc' = ac x 0, 


Q. 10. Solve graphically for values of 0 between 0° and 180° the 
equations , 

(/) cos 6 = sin 20, 

(i*0 tan 6 = sin 26. 


A. 10. (/) cos 0 — sin 20. 

Graphs of y = cos 0 and y = sin 20 may be plotted from the 
following table of values. 


0° 

0 

15 

30 

45 

60 

75 

90 

105 

20° 

0 

30 

60 

90 

120 

150 

180 

210 

cos 0 

1 

0966 

0866 

0707 

05 

0-259 

0 

- 0 259 

sin 20 

0 

05 

0866 

1 

0866 

05 

0 

-05 


0° 

120 

135 

150 

165 

180 

20° 

240 

270 

300 

330 

360 

cos 0 

-05 

- 0*707 

- 0*866 

- 0*966 

- 1 

sin 20 

- 0 866 

- 1 

- 0*866 

-05 

0 


or, 0 = 


it x 9 

■ac” 


But, AC* = (4$)* -f 6* from triangle ACF (sketch (a)), 

144 


-51 + 36-iL. 


AC • 

\ 0 : 


V225 
2 a 

rr X 9 

~7T 


7} - ac. 


radians, 


*= -y radians. 

Also, AB* *=* BG* + AG*, 

- 1 125* + 1*5 8 , 

81 9 = 225 

“ 64 + 4 64 ' 

AB = ^.= li" = ab. 


The graphs are shown in sketch (a), from which it is seen that they 
intersect at three points, where 0 = 30°, 90° and 150°. Since at these 

points, y = cos 0 = sin 20, these values of 0 are the solution of 
cos 0 = sin 26 between 0 = 0° and 0 = 180°. 
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tan 0 = sin 20. 


MATHEMATICS A, 1967 (continued) 





(b) 


(//) 


Values of y — sin 20 are contained in the preceding table and hence it is 
only necessary to obtain values of y = tan 0. These are given below. 


0° 

0 

15 

30 

45 

60 

75 

90 

105 

tan0 

0 

0-268 

0-577 

1 

1-732 

3-732 

oo 

- 3-732 


0° 

120 

135 

150 

165 

180 

tan0 

- 1-732 

- 1 

- 0-577 

- 0-268 

0 


The graphs are shown in sketch ( b ), from which it is seen that they 
intersect at 4 points, where 0 = 0°, 45°, 135° and 180°. 


As before, these values are the solution of tan 0 = sin 20 between 
0 = 0° and 0 = 180°. 


TELEPHONY AND TELEGRAPHY A, 1967 


Students were expected to answer any six questions. 


Q. 1. Sketch a longitudinal section and describe the construction of 
a general-purpose telephone relay . 

Explain the reasons for the use of (a) twin contacts , (b) precious- 
metal contact points. 

A. 1. The B.P.O. standard relay, known as the 3000-type, is shown 
in longitudinal section in sketch (a). The magnetic components of the 


BUFFER LIFTING 



(a) 


relay consist of the core, the yoke, and the armature. These parts are 
made from high-quality, annealed soft-iron and possess the desirable 
magnetic properties of high permeability and low retentivity. The 
armature-end of the core is enlarged to form the pole-face; this 
enlargement increases the area of the magnetic path and thus reduces 
the reluctance of the air-gap between core and armature. The core is 
fitted with two core cheeks; there is normally a bakelite cheek at the 
rear of the core and a copper cheek at the front end. The copper 
cheek helps to reduce contact bounce by the slugging effect of the 
eddy currents induced into it when the current in the core is building- 
up or decaying. The coil, consisting of insulated copper wire, is 
wound on the core between the coil cheeks. More than one winding 
is permissible, and the ends are terminated on tags fixed to the rear 
coil cheek. The coil, coil cheeks, tags and winding(s) are known as 
the coil assembly, and this is attached firmly to the yoke by the core 
nut. 

The armature is suspended over the front end of the yoke on a 
knife-edge and is held in position by a spring-loaded armature retaining 
screw. This allows the armature to move freely while maintaining an 
efficient magnetic circuit; it also permits the relay to be mounted on 
its side, thus discouraging the accumulation of dust on the relay 
contacts. The movement of the armature from released to operated 
position (i.e. the armature travel) is normally 31 mils. When operated, 
the armature is prevented from making direct contact with the pole- 


face by means of a non-magnetic residual stud or screw. The residual 
gap thus formed avoids the completion of a closed magnetic circuit 
which would tend to delay, or render inconsistent, the release of the 
armature when the operate current was disconnected. The fixed 
residual-stud is available in three standard sizes to give residual gaps 
of 4, 12, or 20 mils. The adjustable residual screw is used on relays 
requiring a more precise operate or release function. 

The nickel-silver contact springs are clamped together, with insulat¬ 
ing spacers, to form the spring pile, and are mounted at the rear of 
the yoke. The springs are 12 or 14 mils thick, depending on the total 
spring-set loading and the relay function. Between the spring pile 
mounting and the armature is the buffer-block, also mounted on the 
yoke. This is made of a white, synthetic moulding material, against 
which lugs projecting from the sides of make and break springs are 
tensioned (see sketch (b)). The lever springs have lifting pins attached 



and these bear against the armature via insulating studs. The ends of 
the springs are divided and a domed contact is riveted on each “fork”. 
The contact material used for contacts carrying up to 300 mA is silver; 
for currents up to 1 amp, platinum or palladium is used. Platinum 
contacts are identified by a notch cut into each spring tongue; 
palladium contacts are identified by a semicircular notch extending 
into both tongues. The ends of the contact springs are divided to 
facilitate double contacting by virtue of a slight amount of independent 
flexing between pairs of contacts. Also, the increased flexibility aids 
the rubbing and cleaning action of the contacts when they meet. 
Because of these factors, twin contacts perform more reliably than 
single contacts; the fact that there are two contacts greatly reduces 
the probability of total failure since one set can continue to function 
even though the other may be dirty or out of adjustment. 

Precious-metal contacts do not tarnish so easily as other materials. 
They are also more able to resist corrosion and erosion when heavily 
worked or when making and breaking inductive circuits carrying heavy 
currents. 


Q, 2. Describe the five-unit code and explain why it is used in 
teleprinter working. 
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TELEPHONY AND TELEGRAPHY A, 1967 (< continued ) 


Explain the need for (a) start and stop elements , (b) letter-shift and 
figure-shift characters . 

A. 2. The five-unit code is a means of representing letters and 
figures by forming combinations of two elements, taken five at a 
time. The two elements are called “mark” and “space”, and are of 
equal duration; there is no spacing between elements. A combination 
of five elements represents a character, i.e., a letter of the alphabet, a 
figure, a punctuation mark, or other keyboard symbol. In teleprinter 
working, the mark is indicated by a negative potential and the space 
by a positive potential, each of 80 volts. Each element is of 20mS 
duration and each character occupies lOOmS. The sending-teleprinter 
transmits these signals, in accordance with the character to be sent, 
and the receiving teleprinter translates these signals into corresponding 
characters and prints them. 

The code is suitable for teleprinter working because all elements 
and all characters have the same durations, and the design of the tele¬ 
printer mechanism is thus greatly simplified. 

( a ) Each character is preceded by a “start” signal, which takes the 
form of a space signal of 20mS duration, and is followed by a “stop” 
signal which is a mark of 30 mS duration. The complete transmission 
time for one character, therefore, is 150mS as illustrated for the 
letter R in the sketch. These additional elements are required to 
synchronize the sending and receiving machines. Although the tele¬ 
printer motors are running continuously while a message is being 



sent, the receiving mechanism is not coupled to its motor until the 
start signal is sent from the transmitting end and received at the 
receiving end. Similarly, the receiving mechanism is uncoupled when 
the stop signal is received. In this way, the sending and receiving 
mechanisms are synchronized at the start of each character so that 
any slight difference in motor speeds is operative only over a short 
period of time and is not cumulative. 

(6) The number of combinations yielded by the five-unit code is 
2 5 = 32. This is insufficient to cater for the 26 letters of the alphabet 
plus figures and other keyboard characters. To extend the range, 
two of the 32 combinations are used as figure-shift and letter-shift 
characters. When the figure-shift character is transmitted the receiving 
teleprinter prints all following codes as figures; when the letter-shift 
character is sent the same codes are printed as letters. 

Q. 3. Sketch those elements of a group selector used in stepping the 
selector vertically under the control of a telephone dial. 

State the approximate releasing times of the relays included in your 
sketch and explain the reasons for each slow-to-release feature. 

A. 3. The approximate release time of relay B is 350 mS and of 
relay C is 150 mS. The function of relay B is to hold during the maximum 
number of break periods of contact A1 while relay A is pulsing and 
thus maintain an earth condition on the selector’s incoming P-wire. 
This serves to busy the selector against intrusion and also provides a 
holding circuit for the preceding switching stages. Relay B is made 
slow-to-release by its coil being short-circuited during the release 
period of contact Al. 


OTHER SWITCHING STAGES 



Relay C also has to hold while relay A is pulsing, but in this 
instance, during the maximum number of make periods of contact Al. 
Its purpose is to mark the end of vertical stepping by releasing when 
the incoming train of pulses has ceased, and to prepare the rotary¬ 
hunting circuit. Relay C is made slow to release by the short-circuit 
applied to its 700-ohm coil. 



Q. 4. Explain with the aid of a sketch how good electrical contact is 
maintained between the rotating wiper and the wiper terminal of a 
uniselector . 

What is the difference between a bridging and a non-bridging wiper ? 
Name an application for which bridging wipers are used and explain 
why the bridging action is necessary. 

A. 4. There are two methods in common use for effecting a con¬ 
nexion between the wiper terminal and the rotating wiper of a 
uniselector. The first method, illustrated in sketch (a), employs a 
brush of phosphor-bronze wire tensioned against a grooved collector- 
ring. The ring is in direct contact with the wiper blade and is mounted 
on, and insulated from, the uniselector spindle so that, as the wiper 
and ring rotate, the brush maintains good electrical contact with 
them. Identical assemblies, insulated from each other, are mounted 
side by side on the uniselector spindle to make up the required number 
of levels. 

Sketch (b) shows the principle of the second method. Here, instead 
of using a single wire as the brush feed, a twin-bladed nickel-silver 




wiper is used in conjunction with a channelled-brass collector-ring. 
The collector blades are tensioned outwards so that, when in position, 
they exert a pressure against the inner sides of the collector. 

Sketches (c) and (d) show the wiper tips of bridging and non¬ 
bridging wipers, respectively. As the wipers rotate, the bridging wiper 




makes contact with the succeeding bank contact before it breaks 

contact with the one on which it is standing, i.e., it has a make- 
before-break action. The non-bridging wiper, in contrast, has a 
changeover action in that it breaks contact with one bank contact 
before it makes contact with the next. 

Typically, the bridging wiper is used in the testing circuit of a 
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TELEPHONY AND TELEGRAPHY A, 1967 (« continued ) 



subscriber’s uniselector. The element concerned is shown in sketch (e). 
While the uniselector is driving under the action of its interruptor 
springs, the P-wiper is testing for a free outlet. A busy outlet is 
indicated by an earth condition on the bank contacts. For as long as 
an earth is encountered, relay K remains short-circuited and the 
uniselector drive-circuit is maintained. When the wiper encounters a 
disconnexion, relay K is no longer short-circuited and its resistance, 
in series with the drive magnet, reduces the current to a value in¬ 
sufficient to operate the drive magnet. Relay K now operates in series 
with the drive magnet, breaks its short-circuit path and, via other 
contacts (not shown), extends the subscriber’s line through to the 
next stage. If a non-bridging wiper were used, the disconnexion 
encountered as the wiper stepped between adjacent bank contacts 
would allow relay K to operate. The uniselector mechanism would 
complete the step to the next bank contact and, if this were engaged, 
a double connexion would result. 

Q. 5. Give reasons why conductors in the street cables carrying 
exchange lines are not connected directly to final selectors and calling 
equipments. 

Briefly explain how the exchange apparatus is protected against 
electrical hazards to which external lines may be subjected. 

A. 5. The main reason why conductors in street cables are not 
connected directly to final selectors and calling equipment is that such 
an arrangement would allow no flexibility in providing telephone 
service. In the first place, there must be a means of allocating any 
exchange number to any subscriber, so that, for example, if a subscriber 
moves to another part of the exchange area he can retain the same 
number. Secondly, there must be a convenient means of distributing 
the traffic originating from subscribers in such a way that the exchange 
equipment is evenly loaded and the exchange as a whole is working 
efficiently. Furthermore, external plant is provided at different times 
and at a different rate from exchange equipment, and means must be 
afforded for terminating the external cables independently of the 
provision of equipment racks. 

These requirements are met by installing two frames where, by 
means of semi-permanent wiring called jumpers, any cable pair can 
be cross-connected to any exchange number, and any number can be 
cross-connected to any calling equipment. The first frame is known 
as the Main Distribution Frame (MDF) and the second as the 
Intermediate Distribution Frame (IDF). Sketch (a) shows the principle 
of the cross-connecting arrangements appropriate to one subscriber’s 
line. 


M.O.F 


1.0. F. 



HEAT COILS AND . 

CARBON PROTECTORS/ 

AT THIS POINT, ALSO 
LINE TEST-JACKS FROM FINAL 

SELECTOR 
MULTIPLE 


TO 

SUBSCRIBERS 

LINE 

EQUIPMENT 


(«) 


Having provided, at the MDF, a terminal point for cable pairs, it 
may be used as a means of inter-connecting through-circuits which do 
not need to pick up exchange equipment, e.g., a private circuit. It is 
also a convenient place at which to fit protective devices to guard the 
exchange equipment from damage due to external electrical sources. 
Situated at the boundary of the exchange, the MDF is the point 
where subscribers’ lines are intercepted for testing purposes and where 
various ancilliary services are connected. 

At older exchanges, the protective devices fitted at the MDF consist 


* 


of the fuse, the heat coil and the carbon protector. Each leg of the 
line has all three, connected as shown schematically in sketch (b). 
The fuse, rated at 1*5 amp, blows to excessive line currents such as 
could be encountered from contact with power lines. The heat coil is 
designed to operate and earth the line in 210 seconds if more than 
500 mA flows in its winding; this covers the case of prolonged currents 
not large enough to blow the fuse, but which could nevertheless 
damage the exchange equipment. The lightning protector operates 
to earth the line when voltages in excess of 750 volts are received. 


M.D.F. 

LINE 

SIDE 


FUSE 


M.D.F. 
EXCH. 
SIDE 
—O— 


HUT 

COIL 


I 




CARBON 
ARRESTOR 


EXCHANGE 
EQUIPMENT 
VIA I.D.F. 


(« 


At newer exchanges the only protective device fitted at the exchange 
is the delayed action fuse, which combines the function of fuse and 
heat coil. Lightning protectors are not fitted on wholly underground 
lines, and only on overhead lines with more than four overhead spans. 
In this case the protectors are fitted at the pole top. 

Sketch (c) shows the delayed-action fuse. When an excessive current 
passes through the fuse, the fuse wire “blows” in the normal way. 


HELICAL SOLDER GLASS 



(C) 


When a smaller, but still undesirable current flows, the fuse wire 
develops sufficient heat to melt the solder. On the melting of the 
solder the helical spring retracts and the device is open-circuited. It 
has a rating current of 200 mA and is designed to rupture within 
5-300 seconds when carrying 350 mA. 


Q. 6. Describe with the aid of a sketch , a system of floated-battery 
working suitable for an automatic exchange. How does the system you 
describe avoid excessive gassing of the cells ? 


A. 6. The sketch shows the circuit principles of a floated-battery 
system suitable for supplying power to an automatic exchange. 



The ampere-hour meter (AH) records the quantity of electricity 
passing into or out of the battery and the voltmeter (V) monitors the 
supply voltage at the exchange bus-bar. The single battery is made 
up of 24 lead-acid cells and is connected in series with two counter 
EMF sets (of two lead-acid cells each) and thence to the load. The 
charging source is a mains rectifier-system permanently connected to 
the main battery via a smoothing choke, L, and a trickle-charge 
resistor, R, which is brought in and out of circuit by contact B. 

The operation of the charging system is as follows: Assume at first 
that the load on the exchange is light and that the main battery is 
fully charged. In these circumstances the ampere-hour meter reads 
zero and the battery is trickle-charged, i.e., R is in circuit. As the load 
increases, the battery supplies more of the load current and AH 
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TELEPHONY AND TELEGRAPHY A, 1967 {continued) 


registers a discharge. When this attains 4 per cent of the battery 
capacity a contact within AH operates contact B, which short-circuits 
resistor R and applies the full charging current from the rectifier. 
While the load remains heavy, the rectifier supplies most of the load 
current, the residual being supplied by the battery. Normally, as the 
load diminishes the ampere-hour meter will eventually register a 
charge as the rectifier begins to supply current to the battery as well 
as to the load. When AH registers zero, contact B is released and 
trickle-charge conditions obtain once more. Should the load be 
abnormally heavy or prolonged, AH will continue to record a discharge, 
and when this reaches 30 per cent of the battery capacity another 
contact operates within AH and gives an alarm signal. 

To compensate for battery losses it is arranged that 20 per cent 
more current is required to move the pointer of AH in the charge 
direction than in the discharge direction. 

The voltage at the exchange bus-bar is controlled as follows: 

The voltmeter incorporates two contacts—“high” and “low”— 
which are set at the upper and lower limits, respectively, of the required 
voltage excursion. Exchange equipment is normally designed to work 
between 46 volts and 52 volts, and with this type of power plant the 
voltmeter setting usually corresponds to this range. Some types of 
plant, using a different system of voltage control, can maintain the 
bus-bar voltage to within closer limits than this. Under light load 
conditions, with the battery fully charged, the bus-bar voltage rises 
until the “high” contact makes. This contact operates a heavy-duty 
relay, C, to switch in the first set of CEMF cells. The bus-bar voltage 
then falls to about 48 volts. If the load remains light, the bus-bar 
voltage will continue to rise and in due course the “high” contact 
causes D to operate to switch in the second set of CEMF cells. When 
the exchange load increases and the battery commences to discharge 
the bus-bar voltage falls until the voltmeter “low” contact makes. 
This switches the second set of CEMF cells out of circuit. If the 
voltage continues to fall, the first set of CEMF cells will be cut out in 
due course. 

Gassing is caused by over-charging. With this system over-charging 
is prevented by the controlling function of AH. When the battery is 
fully charged the main charging current is reduced to trickle-charge 
level and this is insufficient to cause gassing. 

Q. 7. What is the nominal pulse repetition frequency and break-to- 
make ratio of the pulses generated by a telephone dial? Explain with 
the aid of simple sketches how the frequency and ratio are controlled 
within the dial. 


2 

Busy hour business traffic = 1,200 x — erlangs, 
— 40 erlangs. 

Total busy hour traffic = 75 erlangs. 

Residential traffic = 75-40, 

«* 35 erlangs. 

The busy hour calling rate per residential line = 0*3. 

Number of residential lines = 2,000. 

No. of residential calls originated in busy hour *=* 0-3 X 2,000, 

= 600. 

If t is the average holding time, in minutes, of 

600 

residential calls, residential traffic = — t erlangs, 

60 

*= 35 erlangs. 


or, t = 3-5 mins. 

.*. Average holding time of residential calls is 3-5 mins. 

Q. 9. Draw a simple trunking diagram of an exchange catering for 
2,000 subscribers and using linefinders for connecting them to first 
selectors . What factors will influence the time taken to return dial tone 
to a caller ? 

Under what conditions , and from which selectors , would a caller hear 

(а) engaged tone , 

(б) ring tone , 

(c) number-unobtainable tone ? 

A. 9. Sketch {a) shows the trunking arrangement for a non-director 
exchange catering for 2,000 subscribers. The numbering range is 
2000-2999 and 3000-3999. It is assumed in this simplified scheme that 
the final selectors are of the 100-outlet type. Subscribers are shown 
connected to a 50-point linefinder system. This uses a 50-point uni¬ 
selector as a linefinder, coupled to a uniselector line-circuit acting as 
a selector hunter. An alternative arrangement is shown in sketch (6). 
Here, the subscribers are connected to the banks of a two-motion 
selector which is linked directly to a first group selector. 


Q. 8. Explain the terms {a) busy-hour , (b) calling rate , (c) erlang. 

A total originated traffic of 15 erlangs in the busy-hour is derived 
from 1,000 business lines and 2,000 residential lines. The average busy- 
hour calling rates are 1 -2 calls per business line and 0-3 calls per resi¬ 
dential line. If the average duration of the business calls is 2 minutes 
what is the average duration of the residential calls ? 


A. 8. {a) The busy hour is that hour in the 24 during which the 

exchange is carrying its greatest amount of traffic. It is reckoned from 
the hour or half-hour, and is derived from traffic records taken over 
a one-and-a-half hour period (which spans the busy hour) each day 
for three representative days in a week. 

(b) The calling rate is the average number of calls originated per 
subscriber, expressed with reference to a specified period. Thus, if the 
total number of calls originated by subscribers at a particular exchange 
during the busy hour is divided by the total number of subscribers, 
the result gives the busy hour calling rate. If the total number of calls 
originated over a period of 24 hours is divided by the total number of 
subscribers, the result is the day calling rate. 

(c) The erlang is the unit of traffic flow and is a measure of the 
number of calls passing over lines or equipment and their average 
holding time. 

It may be expressed as, A = C7, where A is traffic flow in erlangs, 
C is the number of calls, and t is the average call duration in hours. 

Thus, one erlang is equivalent to one call lasting one hour; or 
12 calls lasting an average of 5 minutes. Alternatively, the traffic in 
erlangs may be considered as being equivalent to the average number 
of simultaneous calls in progress, or to the number of calls originating 
during their average holding time. 

The busy hour calling rate per business line = 1 -2 calls per busy hr. 
Number of business lines = 1,000. 

No. of business calls originated in busy hour «* 1*2 X 1,000, 


= 1 , 200 . 

Average duration of business calls = 2 mins. 
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\) 
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I - r= 
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ASSISTANCE 
GROUP SELECTOR 



TO OTHER F/S 
IN 2... GROUP 


SELECTOR 


3100-3199 


2100-2199 


(a) 

In both cases, the time taken for a calling subscriber to receive dial 
tone depends on two main factors. Firstly, the position in which the 
subscriber’s line appears around the bank of the 50-point linefinder 
or two-motion linefinder, and secondly, the traffic density. With the 
50-point linefinder system, assuming that a free linefinder relay-set is 
available, the linefinder searches for the calling subscriber’s position 
at the same time that the selector hunter is hunting for a free first 
group selector. The time taken for the subscriber to receive dial tone 
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TELEPHONY AND TELEGRAPHY A, 1967 (continued) 


LINEFINDER 



CONTROL ALLOTTER 
RELAY-SET LLU ' ' 


TO 1ST. CROUP SELECTOR ETC. 
AS SHOWN IN SKETCH (a) 


(» 


will therefore be determined by the searching time of the linefinder 
and the hunting time of the selector hunter, whichever is the greater. 
If all the linefinder relay-sets are busy, an additional waiting time is 
incurred until one becomes free. With the two-motion selector line¬ 
finder, the time taken will again depend on the position of the calling 
subscriber’s appearance in the bank. If all linefinders (and associated 
first group selectors) are busy, the subscriber must wait before a 
linefinder can begin to search for his line. With both systems, if 
several subscribers in the same linefinder group originate calls 
simultaneously, the linefinders in the group will set up the calls sequenti¬ 
ally, dealing with the “nearest” bank contact positions first. Thus an 
“end” subscriber would have to wait slightly longer than he would 
do if there were no other subscribers calling. 

A caller would hear supervisory tones as follows: 

(а) Engaged Tone. This tone is returned from a group selector if 
all the outlets to the next stage are busy. It is also returned from a 
final selector if the number dialled is busy. 

(б) Ring Tone. Ring tone is returned from the final selector when 
the number dialled is free and the selector has switched to the called 
subscriber’s line. It is an indication that ringing current is being sent 
to the called subscriber. 

(c) Number Unobtainable Tone. This tone is returned from a group 
selector if the digit dialled steps the selector to a level which is spare. 
In the trunking scheme shown there could be a spare level on the 
banks of the first group selectors, but all levels of the second group 
selectors are in use. The tone is also returned from a final selector if 
the number dialled is not in use, or if the line concerned has been 
temporarily taken out of service. 

Q. 10. Describe with the aid of sketches the loop-diSconnect method 
of d.c. signalling. In what sections of a telephone network might it 
normally be used? 

At what points in the network , and for what reasons , would the d.c . 
signals be converted to voice-frequency a.c. signals ? 

A. 10. The loop-disconnect method of d.c. signalling is a means of 
conveying information from one end of a telephone line to the other 
by alternately making and breaking the line loop at one end in order 
to control a stepping mechanism at the other. It is usually referred to in 
connexion with automatic, rather than manual, telephony, and is 
used, for example, as a means of controlling a selector in the exchange 
in accordance with the number of loop-disconnect pulses generated 


by a subscriber’s dial. Sketch (a) shows a typical line-signalling 
circuit. 




DIAL 

PULSING SPRINGS ! 


LINE 


HHl* 


SELECTOR 
PULSING RELAY 


A . 

Sfl O !» ■ 


SELECTOR* 
MAGNET ■ 


(a) 


The pulsing relay. A, is normally in the operated condition from 
the effect of the subscriber’s loop. When the dial is actuated the relay 
responds to the breaking and making of the dial pulse springs and, 
each time it releases, energises the selector magnet to step the selector 
to the required level. 

Sketch ( b ) shows the current waveform existing in the line when 
the digit 3 is being dialled, i.e., 3 break pulses. The waveform illustrated 


66-ymsx /33-jm* 





ri 

! 







TIME 


(b) 

is idealized; in practice, as the line length increases, the effect of line 
leakance, resistance and capacitance becomes more pronounced, and 
the pulsing relay becomes progressively less able to follow the make 
and break signals. Ultimately, the A relay contact output becomes so 
distorted that the selector magnet is unable to respond reliably and 
the process fails. Thus, the use of the loop-disconnect method is 
restricted to comparatively short distances, e.g., for signalling between 
local exchanges, or between a local exchange and its Group Switching 
Centre (G.S.C.). 

When it is required to signal over longer distances where trunk 
circuits are involved—say between G.S.C.’s, or between a G.S.C. and 
its zone centre—it is usually necessary to convert the loop-disconnect 
signals to corresponding voice-frequency signals (tone for disconnexion, 
no tone for loop). This allows the signals to pass over the transmission 
path in the same manner as speech frequencies, and be amplified in 
the same way, so that there is no distance limitation. Another reason 
for not using loop-disconnect signalling over trunk circuits is that 
many are routed over carrier or co-axial routes where no physical 
paths exist to carry d.c. signals for each channel. 


TELECOMMUNICATION PRINCIPLES A, 1967 
Students were expected to answer three questions from Q. 1-4 and three from Q. 5-10. 


Q. 1. Write down an expression for the instantaneous voltage across 
a pure positive reactance of 20 ohms resulting from a current represented 
in milliamps by 

i = (282 sin 2,000 nt) 

Sketch on common axes the current and voltage waveforms. 

Calculate: 

(a) the frequency in c/s ( Hz) y 
(i b ) the r.m.s. value of each wave. 

State whether the component is an inductor or capacitor and calculate 
its value. 

A. 1. The current is represented by / = 282 sin 2,000 rrt. 

When an alternating current flows in an inductance the voltage 
across the reactance leads the current by 90°. 


The peak value of voltage = peak value of current x reactance, 
= 282 x 20 mV, 

= 5-64 volts. 

The expression for the voltage is therefore 

= 5-64 sin (2,000 7 it + 90). 
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TELECOMMUNICATION PRINCIPLES A, 1967 ( continued) 


(а) This is a sinusoidal waveform of frequency 1,000 Hz. 

(б) The peak value of the current is 282 mA. 


282 

.‘.The r.m.s. current = -- = 200 mA. 

V2 - 


5-64 

The r.m.s. voltage = —= 4 volts. 

V 2 - 


As the reactance is positive it is inductive and the component is 
therefore an inductor. 

The reactance of an inductance L Henries at frequency /Hz 

= 2vfL ohms. 

Since / = 100 Hz and the reactance = 20 ohms, 


L 


_ 20 _ 

2,00077 


3*18 mH. 


Q. 2. Define the microfarad. 

A capacitor consisting of two parallel plates 0*5 mm apart in air and 
each of effective area 500 cni 2 is connected to a 100-volt battery . 

Calculate: 

(a) the capacitance , 

(b) the charge. 

An insulating sheet 0*5 mm thick and having a relative permittivity 
of 5 is moved into the gap between the plates. Explain any electrical 
effects that occur during this process , and show how these are affected by 
the rate of insertion of the sheet. 

Calculate the energy stored in the capacitor when all the air in the gap 
has been replaced by the new dielectric. 


A. 2. The microfarad is one millionth (10 "0 of the capacitance 
that gives a 1 volt p.d. across its terminals when it holds a charge of 
1 coulomb. The capacitance of a parallel-plate capacitor having two 
plates each of effective area A metre 2 and d metres apart with a 
dielectric of relative permittivity c r is 


Farad. 

a 


(a) The required capacitance = 


8-85 x 10"i 2 x 1 X 500 x 10*4 
5 x 10-4 


= 885‘4 p/iF 


(b) The charge on the capacitor = capacitance x voltage, 

= 885-4 X 10-12 x 100, 

= 0-08854^ coulombs. 

As the dielectric sheet slides into position between the plates, the air 
dielectric (p r = 1) is replaced by material of relative permittivity 
fXr = 5. The capacitance therefore increases as the dielectric replaces 
the air but the voltage is held constant by the battery. Therefore, 
the product (Capacitance x Voltage) steadily increases, from which it 
follows that the charge on the capacitor increases. A current, there¬ 
fore, flows into the capacitor to increase its charge, the magnitude 
of the current being proportional to the rate of change of capacitance. 

i.e. i = ^ where q is the charge and / is the instantaneous current. 

The energy stored = i x capacitance x (potential difference) 2 . 


The final capacitance = (0-08854 x 5), 

= 0-4427 /iF. 

Energy stored = J x 0 -4427 x 100 2 p joules, 
= 22-135 p joules. 


Q. 3. Explain why a coil has self-inductance. What is the effect of 
insertion of an iron core on the inductance of an air-cored coil? 

Describe an experiment to illustrate this effect. 

Two identical coils are situated so that there is inductive coupling 
between them. When the coils are connected in series-aiding the resultant 
inductance is 12 H. When they are connected in series-opposing the 
inductance in 6 H. Calculate the self-inductance of each coil and the 
mutual inductance between them. 


A. 3. A coil has self-inductance because whenever the current in 
the coil changes, the magnetic flux due to it must also change. The 
change of magnetic linkage that results induces a back e.m.f. in the 
turns of the coil in a direction that opposes the changing current. 


The e.m.f. induced = — (inductance x rate of change of flux). 

If an iron core is inserted into the coil the magnetic flux due to a 
current in the coil finds an easier path because the permeability of the 
iron is greater than that of air. The flux-linkage due to a given current 
in the coil is therefore increased by inserting the iron core; hence the 
inductance of the coil also increases. 

This can be illustrated experimentally with a solenoid wound on a 
paxolin tube into which an iron rod can be inserted. An alternating 
cuiTent is passed through the solenoid, say from a low-voltage mains- 
driven transformer, and an a.c. ammeter in series with the coil will 
indicate the magnitude of the current. When the iron core is inserted 
into the coil the current will be reduced because of the increased 
self-inductance of the coil. 

In the problem the two coils each have self-inductance L henrys and 
are mutually coupled, their mutual inductance being M henrys. When 
the coils are connected in series-aiding, the resultant inductance 
= L + L + 2M henrys. 

When in series-opposing, the resultant is = L + L — 2M. 

Therefore, using the given values 2 L + 2M =12, 
and 2L — 2M = 6. 

By adding, we have 4 L = 18, or L = 4-5 Henrys. 

By subtracting 4Af = 6, or M = 1 • 5 Henrys. 

Q. 4. With the aid of a circuit diagram describe an experiment to 
determine the anode-current I anode-voltage characteristics of a thermionic 
triode valve. 

Plot the results shown in the following table: 


Va volts 

Ia mA — Anode Current for given Vg volts 

0 

-1 

-2 

-3 

20 

1-8 

0-9 

— 

— 

40 

5-1 

2-7 

1-6 

0-7 

60 

8-7 

5-4 

3-2 

1-8 

80 

— 

8-7 

5-4 

3-2 

100 

— 

— 

8-2 

5-2 

120 

— 

— 

— 

7-6 


Determine from these curves 

(a) the amplification factor , 

(b) the mutual conductance, 

when Vg = — 1-5 volts and Va — 70 volts. 

A. 4. A circuit with which the static anode characteristics of a 
triode can be obtained is shown in sketch (a). The anode battery, B2, 



must be connected with its negative terminal to the valve cathode. 
The grid battery, Bl, is positive to earth. The grid-cathode voltage, V gt 
is adjusted on potentiometer P. The meter range should be 0 to 
— 10 volts. 

The anode-cathode voltage, V a > is adjusted on P2 and, depending on 
the type of triode, may have a range of 0 to 100 volts. The anode 
current, I a , is given by the ammeter. The heater voltage, B3, should 
be held constant at the value recommended by the manufacturers for 
the triode, T, on test. 

The procedure is as follows: 

Switch on SI, S2 and S3. 

Adjust P to give a convenient value of V g , e.g. —6 volts. 
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TELECOMMUNICATION PRINCIPLES A, 1967 ( continued) 


With V g constant, adjust P2 to give a succession of values of V a \ 
measure I a for each one. 

Plot this 'IJVa curve for a constant value of V g . 

Repeat for various values of V g \ convenient values will be V g = 0, 
— 1 , —2, —3, —4, —5, —6 volts, successively. 

The curves so obtained form the IJVa family for the valve T. 

The given curves are plotted in sketch (h). 



From these curves, the mutual conductance O m ) and amplification 
factor (fi) can be found 

when V a = 70 volts, g m = ^ = _ 1 2 ) = 2 * 8 

. , ... bV a SW 

when l a = 5-6 mA, p, = ^ = 2L 

Q. 5. State Kirchhoff's laws. 

In Fig. 1 battery V\ has an e.m.f. of 6 volts and an internal resistance of 
2 ohms. Battery V 2 has an e.m.f of 4 volts and an internal resistance of 
1 ohm. Calculate the current in each of the three resistors. 



Fig. 1 


A. 5. Kirchhoff’s Laws relating to d.c. networks are stated as 
follows: 

Law 1: At any junction in a network, the total current flowing 
towards the junction is equal to the total current flowing away from 
the junction. 

Law 2: The algebraic sum of the e.m.f.s acting round any closed 
circuit is equal to the algebraic sum of the voltage drops across the 
resistances in that circuit. 

Kirchhoff’s Laws offer the best way of solving this circuit. 

Let i‘i be the current through VI with direction shown in the sketch. 

Let I 2 be the current through the 15 ohm arm. 

Let *3 be the current through V 2. 

Then from Law 1, i\ +12 * h .(0 



To apply Law 2, consider the closed meshes ABC and ADC. 
For mesh ABC, taking careful note of direction of currents. 


+ 6]= /i(8 + 2) - 15/2, 

= lOz'i - 15/3 + 15/i, using (i), 

= 25 /i - 15/3. 

For mesh A CD, 

4- 4 = i 3 (9 4- 1) 4- 15/2, 

= IO /3 4- 15/3 — 15/i using (i), 
= 256 - 15 /i. 


From (ii) and (iii) 
From (ii), 

From (iii). 


i*i and (3 can be found as follows; 

6 4- 15/3, 

/1==_ 25— 

/j -4 + 25/3 
15 


(ii) 


(iii) 


Equating these, 13 = 4-0-475 A, z*i = +0-525 A, I 2 — —0-05 A. 


Q. 6 . Describe the principle of the moving-coil microphone. 

Explain why the output e.m.f. obtained from a moving-coil microphone 
is dependent upon the intensity of the magnetic field in the air-gap. 

What is the source of the electrical energy obtained from the micro¬ 
phone output ? 


A. 6 . The moving-coil microphone is an application of the generator 
principle, whereby an e.m.f. is generated in a coil of wire when its turns 
move so as to cut a magnetic flux. 

The principle is illustrated by the sectional sketch. 


NON-MAGNETIC CASE 

(ZZZZl 



BAKE LITE COVER 


DIAPHRAGM CLAMPED AROUND OUTER RING 
AIR GAP(RADIAL FLUX) 


CYLINDRICAL POT FORMING 
OUTER POLE AT AIR GAP 


CYLINDRICAL PERMANENT MAGNET 


A radial, uniform magnetic-field is created across a circular air-gap 
by a small but powerful cylindrical permanent magnet NS, contained 
within a soft-iron pot, on one end of which an air-gap has been bored 
out. The flux is radial from the inner surface of this circular hole to 
the outer surface, which is the other pole piece, N, extended from the 
rear pole of the magnet. 

A cylindrical coil is mounted axially on a diaphragm, the outer 
circumference of which is clamped by the cap of the ear piece. As the 
diaphragm vibrates, the coil moves longitudinally in the air-gap. The 
only restraint on this coil is provided by the stiffness of the diaphragm. 
When the diaphragm is forced to vibrate under the stimulus of air 
pressure waves representing sound, the turns of the coil, moving 
axially, cut the magnetic field at right angles. 

An alternating e.m.f. is therefore induced in the coil with a frequency 
equal to the frequency of diaphragm vibration. 

By Faraday’s law of electromagnetic induction, the magnitude of 
the e.m.f. is proportional to the rate of cutting of the flux. The stronger 
the sound, the greater the amplitude of movement and so the faster the 
coil must move to cover the greater amplitude. Hence, for a given 
frequency the output voltage is proportional to the sound pressure 
intensity. Also, the stronger the magnetic flux, the greater the output 
voltage, i.e. the more sensitive the microphone will be. 
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TELECOMMUNICATION PRINCIPLES A, 1967 {continued) 


The frequency of the alternating e.m.f. represents the sound fre¬ 
quency. The only source of energy is the energy in the pressure waves 
in the air; the output power from the moving-coil microphone is 
therefore small. An amplifier would be required to increase the output 
to the order of magnitude given by a carbon-granule microphone. 
The moving-coil microphone gives a better frequency response 
characteristic, however, than the carbon-granule type. 

Q. 7. Describe briefly the principle of the p-n junction diode. 

Give the circuit of a full-wave rectifier unit employing two identical 

unction diodes. 



O ■ i ' " O » 

A sinusoidal ripple voltage of 10 volts is applied to the smoothing circuit 
shown in Fig. 2 at a frequency of 100 Hz. Calculate the magnitude of the 
open-circuit output ripple voltage. 

A. 7. A p-n junction diode consists basically of a wafer of germanium 
crystal in which a trace of antimony has been added to make it n-type, 
and on to one surface of which has been diffused a trace of indium to 
make a p-type layer. The n-type germanium has free electrons; the 
p-type is deficient in free electrons, the deficiency being apparent as 
“holes” that can be filled by wandering electrons. The interface 
between the p-type and n-type germanium forms the p-n junction. 
Connecting leads give contact to the two sides of the crystal and the 
whole is hermetically sealed in a cylindrical metal container, with 
suitably insulated and sealed connecting wires. The complete compo¬ 
nent is small, only a few millimetres in diameter. 

A barrier p.d. of about 0*3 volts exists across the p-n junction 
interface. If a p.d. positive to the p-type region—known as forward 
bias—is added across the diode, the barrier p.d. is overcome, and a 
current flows due to the electrons crossing the junction barrier. The 
bias battery replenishes the electrons. If a reverse bias is applied, the 
effect is to force electrons away from the junction barrier, so that 
conduction ceases. The p-n junction therefore conducts in one 
direction only, i.e. it is a rectifier. 

The property of rectification will fail if the barrier conditions are 
broken down, e.g. by too high a temperature, that will so agitate the 
electrons that they have enough energy to jump the barrier p.d. 
independently of the bias voltage. 



e 

(a) 


The circuit of a practical full-wave rectifier using two diodes is shown 
in sketch (a). As the input is at 50 Hz the ripple voltage will be at 
twice this frequency, i.e. 100 Hz, in a full-wave rectifier. 

The ripple voltage, due to the circuit given in the question, will be 
reduced by the ratio of the reactance potentiometer. 

This is shown diagrammatically in sketch ( b ). 



- 

<« 


But/ = 100 Hi, C — 30 X 10*6 Farad, and L — 10 Henries. 

•\ The reactance of the inductance = 2rrfL = 2,0007t = 6,280, 

and the reactance of the capacitance = _ ^ 7 = 532. 

2nfC 67 t x 100 


The ripple is therefore reduced in the ratio = T ^ 5 . 

o,zoU 4- jJz lzo 

The output ripple voltage will therefore =* 10 x -pig = 0 078 volts. 


Q. 8 . For a thermionic diode describe an experiment 

(a) to give data for the anode-current I anode-voltage characteristic , 

(b) to show that the saturation current is controlled by the cathode 
heater current. 

Sketch and discuss typical curves obtained in the experiment. 

A. 8 . An experimental circuit with which the characteristics of a 
diode can be determined is shown in sketch (a). 



The valve is shown with an indirectly-heated cathode but this is not 
essential. A directly-heated cathode valve could be used. The heater 
current (//,) can be adjusted by the potentiometer, S, and measured by 
the ammeter, A. 

( a ) The anode current (I a ) is measured by ammeter, A2, and the 
voltage ( V a ) between anode and cathode by the voltmeter V. The 
load, R y in the diode circuit can be adjusted to obtain a range of values 
of I a y while V a is noted for each value of I a . The heater current must 
be maintained at a constant value for each range of values of I a . 

The normal I a IV a characteristic will be taken with the rated value 
of Ih. The type of characteristic obtained is shown in sketch ( 6 ). It is 



v < 

{b) 


straight over a portion of its length, I a being proportional to V a . As 
the full emissivity of the valve cathode is reached the curve flattens 
off, until no further increase in I a is possible. This is the saturation 
current for the valve. The cathode may be damaged if I a is kept too 
long at this value. 

(b) If the test for the I a lV a curve is repeated for different values of 
heater current, the saturation current will be found to be dependent 
upon Ih. In sketch (b) E corresponds to a higher cathode temperature 
than F. The higher Ih , the higher the saturation current. 

The temperature of the cathode controls the emissivity of the 
cathode surface and the heat supplied by the heater to the cathode is 



(c) 
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TELECOMMUNICATION PRINCIPLES A, 1967 ( continued ) 


proportional to (7/,) 2 , assuming the d.c. resistance of the heater to 
remain constant. The relation between I a and 7* therefore tends to be 
approximately 7 fl oc(7/,) 2 , as in sketch (c). 

Q. 9. Sketch the circuits of a single-stage amplifier using transistors 
in 

(a) common-base configuration , 

(b) common-emitter configuration. 

Show the battery polarities in your diagrams. 

In which of these circuits is the current gain less than unity ? Explain 
the reason for this and show how the circuit can nevertheless act as an 
amplifier . 

If the current gain in {a) is ol and in (6) is P' show that 



A. 9. The circuit of an amplifier using a p-n-p transistor connected 
in common-base configuration is shown in sketch (a). The emitter bias 
battery is positive to the emitter; the collector battery is negative to 
the collector. 



The current gain is less than unity in the common base circuit 
of sketch (a). An explanation of this is as follows: 

The emitter input current must divide into two parallel paths in the 
transistor, one through the base and the other through the collector. 
The current in the emitter-base circuit does not pass through the load 
resistance Rl and therefore does not contribute to the output. Only 
that part of the emitter current passing to the collector flows in Rl 
and this is the output current. The output current must therefore be 
less than the input current, i.e. the current gain of the stage is less than 
unity. 

The stage can nevertheless amplify because the output impedance 
between the collector and base is much higher than the input impedance 
between emitter and base. The output voltage developed across Rl 
can therefore be greater than the input voltage. The stage can thus 
act as a voltage amplifier. 

If the current gain is a in the common-base configuration and p in 
the common-emitter the following basic relations exist, where 6I e 
is a small change in 7 C , 6I e the corresponding change in I e and <37$, a 
small change in h . 


si 

a = -pf with constant collector-base voltage, 

Ole 

SI 

and p = with constant collector-emitter voltage. 

In these expressions, I e — h + I c by KirchhofTs first law. 

/. Sl e = Mb + Sic , 

Sl b = Sl e “ SI C . 


Sketch ( b) shows a p-n-p transistor amplifier in common-emitter 
configuration. The collector is made negative with respect to the 
emitter. The base is negative with respect to the emitter. The base 
bias is obtained by the voltage drop along Rb; Rb forms a bias 
potentiometer with the base-emitter impedance in series. 


Whence 


o _ Me _ Sic 

P ~~ SI b ~ Sle - Sic ’ 
SlJSle 
1 - Sh!SI e ' 



n 

OUTPUT 


a 


Q. 10. Describe the principle of a moving-iron type of ammeter. 
Explain why this is called a square-law meter. 

What are the particular merits of a square-law instrument ? 

A square-law moving-iron ammeter with a scale engraved from zero to 
100 mA gives a pointer deflexion of 36° for a current of 30 mA. What 
angular deflexion will correspond to 50 mA ? 


LINE PLANT PRACTICE A, 1967 
Students were expected to attempt any six questions. 


Q . 1. Describe the various methods of strengthening a pole route in 

an exposed situation. 

What special precautions are taken when an overhead route is close 
to the sea ? 

A. 1. In an exposed situation it is not economical to provide poles 
which, unaided, are of sufficient strength to withstand all the stresses 
imposed upon them. It is therefore necessary to give additional 
strength to the pole route by one or more of the following devices: 

(a) staying, 

lb) trussing, 

(c) blocking, 

(d) strutting, 

(e) use of A-poles. 

Staying. Stays present the most generally suitable and economic 
means of conferring additional strength to a pole route. They should 
be attached to the poles at, or very near, the resultant point of tension 
of the overhead wires or cables and, where loads are heavy (as at 
terminal poles), two or more stays may be fixed in the same direction. 

Terminal stays (see sketch (a)) are used to counteract the stress 
produced by the overhead line at terminal poles and are fixed exactly 
in opposition to the stress, i.e. in a direct line with the wires or cables 
but on the opposite side of the pole. 



Longitudinal stays (see sketch (b)) are used at intermediate poles to 
jimit the effect of breakdowns and to counteract unbalanced stresses 
in the direction of the overhead line. These stays are provided in single 
or double form, the latter consisting of two ordinary stays, one on each 
side of the pole. Each individual stay should be fixed in direct line with 
the wires or cables on the opposite side of the pole. Where possible the 
“base” (or “spread”) of terminal and longitudinal stays should equal 
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LINE PLANT PRACTICE A, 1967 {continued) 



the “height”; the “base” being the distance from the base of the pole 
to the point of anchorage of the stay on the ground and the “height” 
being the distance from the base of the pole to the point of attachment 
of the stay on the pole. 



Angle stays (see sketch (c)), to act against the stress produced by the 
inward pull of the wires or cables at an angle in the line, should be 
fitted so as to halve the angle formed by the line at the pole. A suitable 
base for the stays is half the height. The use of smaller spreads should 
be avoided if possible and where stresses are great, or where conditions 
are favourable, spreads equal to the height should be employed. 

Transverse (“rocking” or “wind”) stays are provided to strengthen 
an overhead route against transverse stresses arising from the action 
of wind on the line. These stays consist of two ordinary stays—one 
on each side of a pole—fixed in a plane at right angles to the direction 
of the line. The two stays should be attached to the pole at the same 
point and, generally, should make equal angles with the pole, with 
bases of not less than half, and preferably equal to the height. Over¬ 
head (or “gallows”) stays (see sketch {d) t should be employed where 



additional strength or spread is required and the provision of a strut 
on one side of the line is impracticable or undesirable, and, on the 
other side, it is necessary to carry the stay over a roadway or obstruction. 

Trussing. Trussing or strengthening a pole by means of a stay and 
pole-spur should be resorted to only if all other methods of providing 
the requisite stability cannot be applied. 

Blocking. Blocking of single poles is used where staying or strutting 
is impracticable. Blocking strengthens the foundations only, and 

stouter poles than would otherwise be required should be provided in 

such circumstances. In exceptional cases it may also be necessary to 
truss the pole (see sketch ( e )). 

Strutting. Where the direction of the angle in a pole line is such that 
local conditions preclude the fitting of a stay, the stress imposed upon 
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the pole should be taken up by a strut fitted to the pole on the inside 
of the angle. Struts should also be used as substitutes for transverse 
stays where provision of the latter is impracticable. A strut is illustrated 
in sketch (/). 




















































LINE PLANT PRACTICE A, 1967 (< continued ) 


A-poles. A-poles are justified only in rare cases, usually on trunk 
routes as a substitute for transverse stays where facilities for both 
staying and strutting are non-existent. They provide a strong and rigid 
but expensive alternative. 

The special precautions taken when an overhead route is close to 
the sea are as follows: 

(a) Corrosion by salt spray of the stays and line wires at the most 
vulnerable points is reduced by painting the make-off of the stays and 
the joints in the line wires with a black paint especially manufactured 
for ironwork. PVC covered, 70 lb/mile cadmium-copper wire is used 
for the line wires. 

(£) The foundations of the poles are strengthened by suitably 
blocking. 

(c) Where self-supporting aerial cable is used, twists are inserted in 
each span to prevent “galloping” of the cable (i.c. high-amplitude, 
low-frequency vibrations resulting from certain wind conditions). For 
spans up to 70 yd there should be at least six complete twists spread 
throughout the span length. 

(d) To increase the transverse staying power of the line to withstand 
severe winds, the interval between consecutive stayed poles is reduced. 

Q. 2. A 30-// pole supporting an overhead route of 16 wires on four 
4•way arms is found to be decayed to a dangerous extent near the ground 
line. 

Describe fully how you would replace it by a new pole without 
incurring risk to personnel or interrupting services. 

A. 2. The foreman and workmen in the party carrying out the 
renewal must be experienced in overhead work and should be specialists 
in handling decayed poles. All the usual safety precautions associated 
with the replacement of poles should be taken and an adequate 
number of men should be employed, the main consideration being the 
safety of the men and the public. 

Where the new pole can be erected before the decayed pole is 
recovered it is usual to set the new pole close to the one to be replaced. 
Precautions have to be taken to prevent the old pole falling into the 
new hole when the ground is disturbed. This is done by roping the 
pole to a couple of crowbars driven into the ground on the side remote 
from the hole (see sketch (a)). Additional temporary stays may be 
fitted and steel bars to form a splint should be driven into the ground 
around the pole and lashed to it to prevent it shearing off (see 
sketch (6)). The pole can also be strengthened by lashing two stout 
ladders to it. 



A cylindrical pole hole should be excavated as near to the old pole 
as possible by the “bar and spoon” method. The hole should be at 
least 6 in. greater in diameter at the ground line than the foot of the 
pole to be erected. A small channel is cut outwards from the edge of 
the hole in the direction in which the pole will be laid for erection. 
The bottom of the hole should be well punned before the pole is 
erected. The digging bar is placed in the hole to act as a slide for the 
butt of the pole. The pole is raised to a vertical position with the aid 
of a pole lifter and is made safe by filling in the hole and punning. 
Additional support to the decayed pole can now be provided by 
lashing the two poles together in several places before the work to 
change the wires over begins. With this completed, the new arms are 
then bolted to the pole in the holes already prepared and insulators 
are fitted. 

The wires can now be released from the insulators on the old pole 
and bound in to insulators on the new pole with tapes and binders; the 
arms on the old pole are then recovered, working from the new pole 
if possible. 

If the new pole is erected some distance from the decayed pole which 
is unsafe to climb because of the extensive decay, then new wires are 
run from adjacent poles to the new pole and the old wires cut off one 
at a time on either side of the decayed pole to prevent excessive pull 
in one direction. 


It may be possible to recover the decayed pole intact by using a pole 
lifting jack. A stout chain is placed around the base of the pole and 
over the top of the lifting jack. Operation of the jack lever gradually 
lifts the pole out of the ground by a direct vertical pull. The pole is 
stayed during the operation and is then either lowered to the ground 
or permitted to fall according to the requirements of the situation. 

When the replacement pole is erected alongside the decayed pole it 
must be temporarily stayed at the top and ground level so that it 
cannot heel over into the old pole hole when the old pole is removed. 

Extensively decayed poles in danger of collapse may be lowered 
simply by pulling on the temporary stays or by sawing through the 
pole below the ground line. 

In confined spaces where the methods of recovery described above 
are impracticable, the pole can be recovered in sections and lowered 
to the ground by the use of a snatch block or tackle attached to the 
top of the new pole. 

Whenever the site is accessible the use of available mechanical aids 
should be considered. 

Q. 3. A 15-pair underground cable is to be provided along a country 
road to serve a group of houses and you are required to carry out the 
necessary survey. Give an account of how you would proceed. What 
are the main points you would be looking for ? 

A. 3. First, a preliminary survey is made. Having obtained and 
studied an ordnance survey map (25 in. = 1 mile if possible), the road 
is walked along to obtain the following details. 

(a) Whether duct is required or whether directly-buried polythene 
cable can be used, 

(b) Position of other undertakers’ plant including lampstandards 
and land drains, 

(c) Bridges, railway crossings, 

(d) Entrances to fields which may affect the depth of lay, 

(e) Trees and tree roots, 

(f) Possible need to leave the highway and use private property and, 
if so, the names of the owners of the property. 

(g) The highway authorities concerned, 

(I h) Whether the duct or cable can be laid using a moleplough. 

With the above in mind a tentative route would be planned. 

At the preliminary survey stage the local council is consulted and 
information obtained of any road widening or improvement schemes 
which might affect the route. Further detailed information is also 
obtained from other undertakers concerning their existing plant. 
Particulars of planned work are obtained so that all the work can be 
co-ordinated. 

A detailed survey is then made during which the method of lay and 
the actual route are decided. 

If the cable is to be laid directly in the ground by moleplough, then 
enough clearance from other plant is necessary throughout. The grass 
verge would probably be the best siting for a directly-buried cable. 
Extra depth may be required at gateways and private drive-ins. 

If a duct is to be laid to accommodate the cable, the grass verge may 
also be the best siting, but in places the duct may have to be laid in the 
footway or the carriageway. The siting of jointing chambers is 
important. These must be placed so as not to be a danger to road 
users, including pedestrians and also personnel working in them. 

During the detailed survey the following points would be looked for: 

(o) The point where the cable is to be linked up with the existing 
network, 

(b) The type of road surface or grass verge, 

(c) The route of a directly-buried cable to ensure that it is not too 
close to a ditch, or a bank, or too close to the carriageway, 

(d) The position of jointing points, if any, 

(e) The position of other undertakers’ plant so that proper clearances 
can be obtained, 

(/) Where extra depth is required, 

{g) Particulars of difficulties likely to be encountered by the mole¬ 
plough, e.g. lamp standards, trees and tree roots. 

Approval of the route by the local council surveyor would be 
required after which a detailed works estimate could be prepared. 

Q. 4. Describe any three types of underground conduit in common 
use for the accommodation of telephone cables. State briefly in what 
circumstances each is used. 

A. 4. (a) Self-aligning earthenware ducts (single and multiple way) 
are glazed earthenware ducts with spigot and socket ends. Tlie ducts 
may be “salt” glazed, when both internal and external surfaces are 
glazed, or “applied” glazed, when only the internal surface is glazed. 

85 











LINE PLANT PRACTICE A, 1967 ( continued ) 


The spigot and socket of each duct are lined with Stanford’s composi¬ 
tion, consisting of a mixture of pitch, sulphur and sand, to overcome 
any slight lack of symmetry in manufacture and to provide a close fit. 
The lining ensures that the ducts are correctly centred without any 
further adjustment when the ducts are fitted together and the spigot 
is pushed home, hence the term self-aligning (S.A.). 

Single-way self-aligning ducts are made with a 3| in. or 4 in. nominal 
bore. Multiway ducts with a 3 j in. nominal bore are made in sizes of 
2, 4, 6, and 9 ways. 

The self-aligning duct is the type most commonly used for under¬ 
ground telecommunication routes. It is employed where less than 
20 ways are required, except where its use is rendered uneconomical 
by the congestion of other services. 

( b) Asbestos-cement ducts are manufactured from ordinary Portland 
cement and asbestos fibre and are bitumen-dipped. The ducts are 
supplied in 10 ft lengths, with an internal diameter of 3 ± in., and 
6 ft 8 in. lengths, with an internal diameter of 2 in. Either size duct 
may be cut with a hacksaw to any length required. 

Asbestos-cement ducts may be used as an alternative to self-aligning 
ducts. They are especially suitable where flexibility in duct formation 
is required owing to congestion of other services, or where abnormal 
subsoil conditions necessitate a reduced weight of duct. They are also 
suitable for accommodating subscribers* distribution cables where 
ducts are required in footways. 

The ducts are joined by means of collars and rubber rings. 

(c) Polythene duct (usually jin. diameter) is used for leading-in 
underground to subscribers’ premises and at other places where the 
mechanical strength of the alternative wrought-iron pipe is not required. 
It is supplied in lengths of 500 ft and joints are not normally necessary. 
If, however, a joint is required it is made by using a 6 in. length of 
1 in. polythene tube as a sleeve, together with a plastic tape to make 
the joint as waterproof as possible. 

Q. 5. Describe in detail the whole process of providing a four-way 
underground duct across a busy main road to link two existing manholes. 
You should assume that most of the duct has to be laid at extra depth in 
order to avoid obstructions in the roadway. 

A. 5. See A. 9. Line Plant Practice A, 1963, Supplement , Vol. 56, 
No. 4, p. 71, Jan. 1964. 

Q. 6. Describe all the operations involved in preparing for , pulling 
in and completing the drawing-in of a 300 -yd length of200-pair polythene- 
sheathed cable into a spare bore of a 6-way multiple duct. The location 
of two intermediate manholes in the duct track is shown in Fig. 1. 



Fig. 1 


A. 6. The work should be carried out in a way that will cause least 
inconvenience to pedestrians and road traffic. Before commencing 
operations road caution signs should be erected, and during the progress 
of the work all manholes that are opened should be guarded. Tests 
should be made for inflammable and foul gases before entering man¬ 
holes; if there is water present above the level of the lowest duct-entry, 
a further test should be made when the water has been cleared. 

The operations involved are as follows: 

(/) Tentative cabling proposals are made with the object of installing 
the cable in one length and with the minimum of manual handling 
(see sketch). This is followed by an examination of the route to 
confirm that: 



(a) anchor irons are available at the winch position A, 

(b) there is a clear path for the cable, and ducts are in alignment 
at the intermediate point B, and 

(c ) there is adequate working space at the manhole where the drum 
will be set up. 
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(//) If there is a draw rope in the scheduled bore this is used to draw 
in a 2 in. combined steel and sisal rope in all sections of the route. If 
no draw rope exists, each duct section is rodded using cane rods, a 
continuous steel rod or duct motor. 

(///) When rodding is complete, a cabling rope is joined to the rods 
and drawn into the duct as the rods are withdrawn. A mandrel and 
cylindrical brush are coupled to the rope and a second rope coupled 
to the brush. These are pulled through to prove and clean the bore. 
This operation is repeated, pulling in the same direction each time, 
until the bore is clean. The ropes in sections A-B and B-C are joined 
with a keystone link so that there is a continuous length between the 
drum and winch positions. 

(/v) The cable drum is set up, on jacks or a cable-drum trailer, over 
the end of the duct into which the cable is to be drawn so that cable 
may be paid out in a large radius curve from the top of the drum. 
A flexible guide needs to be installed between the manhole entrance 
and ductmouth. 

(v) In order that the pulling strain is taken by the core and not the 
sheath, the seal on the end of the cable is removed and a tapered steel 
spike driven lengthwise into the centre of the core. The cable is then 
resealed and a steel-mesh cable grip drawn over the end of the cable. 
The open end of the grip is securely taped and a second tie made 9 in. 
from the pulling eye. The grip is coupled to the rope through a swivel 
connector to prevent the cable twisting during drawing-in. 

(v/) At manhole A, a motor winch is set up with the bollard over the 
manhole entrance. To achieve a straight pull in line with the duct and 
vertical pull to the winch, the draw rope passes through snatch blocks 
secured to anchor irons. The jacks on the winch are lowered so that 
the pulling stresses are not transferred to the road springs. 

(v/i) A radio or telephone link is set up between the drum and winch 
operators and a member of the gang who will watch the cable through 
the intermediate manhole B. 

(W/7) The winch may be started and cable drawn in at a steady speed 
between 75 and lOOft/min. The number of turns of rope round the 
bollard of the winch is kept to a minimum so that pulling can be 
stopped instantly by slacking off the free end of the rope. 

(lx) A double-eyed cable grip is used to fleet sufficient cable into 
manhole A to allow the jointer to select the best position for the joint. 
The steel spike is recovered and the end of the cable sealed. 

( x ) At manhole C the cable remaining on the drum is removed and 
laid on tarpaulins. The free end of the cable is then taken into the 
manhole and pushed through the ten-yard section of duct to man¬ 
hole D. 

(*/) Sufficient cable is left in manholes B and C to support the cable 
on the bearers. 

(*/7) Any existing cables that were moved during the cabling 
operations are restored and examined for signs of damage. 

(xiii) The cable is pressure tested at 20 lb/in. 2 for 24 hours. 

Q. 7. Explain what is meant by the term desiccation as applied to a 
telephone cable. 

How is desiccation carried out 

(a) at a joint , 

(b) in a length of cable ? 

A. 7. Desiccation means the drying process required to remove any 
moisture from the cable or joint, to improve cable insulation and 
help keep damaged cables in service until permanent repair can be 
effected. 

(a) It is necessary to provide some means of drying a joint to remove 
any moisture which may have collected during the jointing process. 
There are a number of possible methods of drying out a joint. 
Examples are, hot air from blow lamps, propane gas burners or electric 
cable driers, and moisture absorbing gases or crystals. The use of 
blow lamps or burners requires great care to avoid damaging the cable. 
However, under normal conditions the amount of moisture to be 
removed is small and the use of blow lamps for drying out is avoided 
by the use of silica gel which is more convenient to use than a gas. 

Silica gel is capable of adsorbing 40 per cent of its own weight of 
water without increase in volume. On the application of heat, the 
water vapour is driven off and the silica gel can again be used to 
adsorb moisture. This cycle can be repeated indefinitely without loss 
of efficiency . 

For use in a cable joint, the silica gel is placed in cotton gauze 
pockets and baked for about half an hour in a gas oven and kept in 
airtight tins or sealed packets until placed in the joint. The pockets of 
crystals are inserted between the conductors or tied to the outside of 
the joint (according to the size of the joint) before the insulating paper 
is applied. Immediately the silica gel is removed from the tin or 
packet it adsorbs moisture from the air and this renders it less effective 
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for drying out the joint. Therefore, the joint should be closed as soon as 
possible to keep the adsorption of moisture from the air to a minimum. 


(i b ) Desiccation in a length of cable may be accomplished by passing 
dry gas, either carbon dioxide or dry air, through the cable. Cable 
desiccation using anhydrous carbon dioxide (C0 2 ) is carried out 
by passing the gas from a cylinder into the cable. A flexible tube is 
connected from the lower pressure side of a control valve to an air 
nozzle inserted at the drier end of the section of cable being dealt with, 
where this is known. This is necessary because gas which has absorbed 
moisture should be discharged through a minimum length of dry cable. 
In order to release the gas, together with the moisture absorbed during 
its passage through the cable, a suitable outlet is provided at the 
distant end by either opening a joint, making a cut in a lead sleeve or 
the sheath, or by using an air nozzle. 

Carbon dioxide, which is an asphyxiating gas and heavier than air, 
tends to accumulate at the bottom of the jointing chamber in which it 
is released. It is therefore necessary to ensure that measures are taken 
to disperse the gas before repair work can be continued. 

Because of this disadvantage, the use of carbon dioxide is being 
superseded by a motor driven desiccator which will pump cool dry 
air through the cables. This type of desiccator is a trailer mounted 
apparatus and it is shown schematically in the sketch. It has two 



separate beds of silica gel and, when in use, one bed dries the air 
delivered to the cable whilst the other is being re-activated by air 
heated by the hot exhaust gases from the engine. The air inputs to, 
and the air outputs from, the silica-gel beds can be rapidly changed 
over by the operation of a single lever, hence, when in use, these beds 
are made to go through the air drying and re-activation cycles 
alternately. 

The compressor is driven by a petrol or diesel engine via a clutch. 
Air is sucked in, filtered, compressed and passed to the air receiver. 
After leaving this receiver the compressed air separates, the bulk going 
to the silica-gel drying-bed, while the remainder is heated in the heat 
exchanger and then fed through the second silica-gel bed to dry it. 
Safety and automatic unloading valves are provided in the air receiver. 
The function of the automatic unloader is to trip a valve in the com¬ 
pressor and so relieve the load on the engine when the volume of air 
compressed exceeds the volume of air used. 

The function of the primary cooling coil is to increase the relative 
humidity of the compressed air and so facilitate its drying. A further 
cooling stage ensures that the temperature of the dried air delivered to 
the cable is not appreciably higher than the ambient temperature. 

In order to give a visual indication of the condition of silica gel it is 
coloured with cobalt chloride and is blue when in a dry and highly 
adsorbing condition. This colour changes progressively to pink as 
atmospheric moisture is absorbed. 

Q. 8. Describe , with the aid of sketches , any one of the following: 

{a) a cable winch , 

(b) a petrol-driven water pump , 

(c) a petrol-driven manhole lighting set. 

A. 8 . The basic components of a petrol-driven, manhole lighting- 
set are a petrol-driven engine, an electric generator, a storage battery 
and an electric lamp. The generating set shown in sketch (a) consists 
of an engine and generator constructed in one unit within a tubular- 
steel guard and carrying frame to aid portability. The whole unit is 
rigidly mounted on a fabricated base plate supported by four anti¬ 
vibration mountings to prevent the set “creeping” during use on wet 
sloping surfaces. 

Power is supplied by a 4-stroke 98 cc air-cooled petrol engine fitted 
with a fly-wheel magneto and developing 1*2 b.h.p. at 2,500 rev/min. 
The petrol system is gravity fed from a 6 -pint petrol tank fitted on the 


CONTROL BOX 



MOUNTINGS 

(a) 

upper members of the carrying frame. The capacity of the tank 
enables the set to run for five hours at full load without refuelling, the 
engine being started by a rope round the starting pulley. The engine 
drives a generator which is a 24-30-volt, 500 W d.c. machine capable of 
the dual function of battery charging, or supplying a load with, or 
without, the battery in circuit. The generator is a 4-pole, compound- 
wound, fan-cooled type generating 30 volt on no-load and 24 volt on 
full load, voltage regulation within this range being provided auto¬ 
matically by the generator windings. The no-load voltage of 30 volt 
ensures that excessive voltage is not supplied to an appliance if the set 
is in operation without a battery in circuit. An additional series field¬ 
winding is provided to enable the generator to be used as a motor for 
starting the engine from the battery. 

A control box is mounted on the generator frame providing the 
following facilities: 

(a) five two-pin, non-reversible 15 A weatherproof-type output 
sockets, 

(b) a reverse current cut-out which operates when the generator 
rises to 24*5 volt to connect the output to the battery. The cut-out 
releases when a reverse current of 4 A flows in the charging circuit. 

(c) A voltage-sensitive relay which is adjusted to switch off the set 
to stop charging when the battery attains the state where gassing will 
commence. This helps to prevent the risk of dangerous accumulation 
of gases which could occur if the battery was allowed to be fully 
charged. The relay is held operated by the battery and the set can 
only be restarted by pressing the reset button which disconnects the 
relay coil. 

(d) A stop button which may be used at any time to stop the engine, 
its contacts being wired in parallel with those of the voltage-sensitive 
relay. 

(e) A battery connexion switch which enables the set to be used 
without a battery by preventing the voltage-sensitive relay from 
stopping the engine. 

The battery used in conjunction with the generating set consists of 
two 12 volt 45 A motor-car type batteries in a hardwood carpnng case, 
connected to a 15 A outlet socket similar to the type on the lighting-set 
control panel. A 25 A fuse and the output socket are located in a 
recess in the carrying case to prevent damage occurring during the 
handling of the battery. The lid of the battery is supported by four 
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VENTILATING GAPS 



(b) 
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triangular corner-pieces which provide ventilating gaps iin. high 

along the four sides of the carrying case. 

The lamp used with the set for lighting manholes is of the adjustable 
clip type. To avoid shadows on the work 25 volt 40 watt pearl lamp 
bulbs are used and the support enables the lamp to be stood on the 
floor or clipped to a convenient cable. A universal ball-joint allows 
the lamp to be adjusted to any angle required. The battery and lamp 
are shown in sketch (b). 

Q. 9. Sketch and describe a gas-leak indicator and explain in detail 
when and how it should be used. 

A. 9. The gas-leak indicator described may be used to detect any 
explosive (including inflammable) gas in underground plant. It is an 
electrically operated instrument using a Wheatstone bridge. One arm 
of the bridge is a platinum filament which, when the bridge is balanced, 
i.e. with the meter reading zero, is heated to approximately 600° C. 
Any explosive gas caused to pass over the heated filament bums on 
the surface of the filament, raising its temperature and hence its 
resistance. This unbalances the bridge and gives a reading on the 
meter. The meter scale is calibrated as a percentage of the lower 
explosive limit of town gas. 

FLASHBACK ARRESTORS 



The sketch shows the electrical circuit of the indicator and the 
essential features of the flash back arrestors, the hose, the aspirator 
bulb and the probe connexions. The normal length of hose is 15 ft 
but a 10 ft extension is provided. The indicator is powered by six dry 
cells. The rheostat and switch are both operated by a single control- 
knob which, in order to prevent inadvertent operation, cannot be used 
until a bakelite flag has been raised. The flash back arrestors are fitted 
to prevent any gas burning in the filament chamber from igniting gas 
in the sampling hose or in the plant under test. 

The indicator should be checked for correct operation before making 
a test as follows: 

(a) On squeezing the aspirator bulb it should restore to normal in 
about 1 or 2 seconds; this ensures that the aspiration mechanism is 
not blocked. 

(b) With the inlet of the probe sealed with the finger, on squeezing 
the aspirator bulb it should take more than 5 seconds to restore to 
normal; this ensures that the aspirator mechanism does not leak. 

(c) The aspirator bulb is squeezed ten times in fresh air; this ensures 
that the indicator is purged of explosive gas from a previous test. 

id) With the bakelite flag raised and the indicator switched on, the 
meter needle should move rapidly across the scale and return to zero 
or below; this checks the electrical circuit. 

(e) The control knob is rotated until a reading of 20 per cent on the 
meter is obtained, this checks the battery condition. 

(/) The control knob is adjusted so that the meter reads zero. 

The indicator is now ready for a test to be made. With the indicator 
switched on, the probe is lowered to the position in the underground 
structure where a test is required, making sure that it does not touch 
water. The hinged “dipper” at the probe assists in this. The aspirator 
bulb is squeezed ten times and any movement of the meter noted. 

Any reading of 10 per cent or more should be taken as a positive 

indication of the presence of explosive gas. If the concentration of 
explosive gas is high the meter may momentarily read 100 per cent and 
then return to zero. If there is any doubt about this test result, with¬ 
draw the probe into the open air and purge the indicator of gas by 


squeezing the bulb 10 times and repeat the test. Slight movements 

about zero may be due to temperature effects and should be ignored. 

On completion of any sequence of tests the aspirator bulb is squeezed 
10 times in fresh air and then switched off. If a sequence of tests is 
prolonged it may be necessary to readjust the zero setting at five 
minute intervals. The zero adjustment should be made in fresh air 
only. 

Tests with the indicator are made in each of the following circum¬ 
stances: 

(a) Before any underground structure is entered. 

(b) After pumping or baling out an underground structure. 

(c ) Immediately before a flame of any description is brought near 
an underground structure. 

(d) Whenever there is any sign of stuffiness and smell of gas whilst 
work is in progress. 

(e) When work is re-started after a meal break. 

Q. 10. In what circumstances are lightning protectors fitted on poles ? 

Describe in detail a pole-top lightning protection unit suitable for the 
protection of 15 circuits. 

A. 10. Whenever a circuit is likely to be subjected to an abnormally 
high potential, e.g. due to a lightning strike, pole-top lightning pro¬ 
tectors are fitted to provide a discharge path to earth at a point between 
the overhead and underground lines. In this context the term “under¬ 
ground line” includes metallic-sheathed aerial cable and general 
practice is to fit protection on the pole where the underground cable, 
or metallic-sheathed aerial cable, is connected to the overhead line. 



LEADS SECURED 



(a) 

The circumstances in which a circuit will be liable to lightning- 
strikes vary, but in the U.K. the practice is to provide pole-top 
protectors as follows: 
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(a) On subscribers’ circuits when the overhead line consists of more 
than four spans. The subscriber’s overhead spur is counted as a span. 

(b) On overhead circuits, irrespective of length, where these are 
connected to trunk or junction cable pairs. 

(c) On overhead circuits known to be particularly vulnerable to 
lightning strikes. 

A pole-top lightning protector unit suitable for the protection of 
15 circuits is shown in sketch (a). It would be suitable for use when the 
underground cable is polythene insulated and sheathed. 

It consists of 15 pairs of terminal posts each mounted on an internal 
moulding opposite a corresponding earth spring-clip connected to a 
common earth bar and plate. The terminal posts are designed to make 
electrical connexion to the cable wire at the base of the post and to 
the customers* lead at the top. The cheese-head screw at the top of the 
post is removed to give access to a grub screw inside the post. 
When the cable wire is passed into the hole at the base of the post the 



grub screw can be carefully tightened to deform and then split the 
plastic insulation of the cable wire and thus give electrical connexion. 
It is not necessary to strip the insulation from the cable wire. The 
connexion of the customer’s lead is made under the cheese-head screw 
at the top of the post in the normal way. 

An electrode protector, shown in sketch ( b ), is mounted between 
each terminal post and earth spring-clip. It consists of two channel- 
section brass electrodes separated by a perforated insulating film, the 
whole being enclosed in a black moulding of high insulation resistance 
and low flammability. The flanges of the electrode project from the 
moulding and engage with the terminal post and the earth spring-clip 
of the lightning protector unit. 

The underground cable enters the unit via the hole at the bottom 
where the cable butt, which is wrapped with adhesive insulating tape, 
is held by a simple metal cleat. The cable wires are fed up the channels 
on each side of the unit to the terminal posts and are retained under a 
removable plastic separating strip. The customer’s leads are similarly 
fed from the access holes at the bottom of the unit to the terminal posts 
and are placed above the plastic strip, thus being kept separate from the 
underground-cable permanent wiring. 

The pole earth-wire is connected to the lower left hand terminal 
screw of the earth plate. 

The unit has a plastic cover which is attached to the plastic case by 
a chain, and the cover is tightened down by means of a plastic knob 
to give a weatherproof seal. 

The unit is fitted to the pole by means of three galvanized-iron, 
round-head, wood screws. 


RADIO AND LINE TRANSMISSION A, 1967 


Students were expected to answer any six questions. 


Q. 1. Explain, with the aid of a sketch , the principle of operation of 
the crystal microphone. 

Briefly compare the frequency response and sensitivity characteristics 
of the carbon , moving-coil and crystal microphones. 

Give one application of each type of microphone. 

A. 1. The construction of a crystal microphone is shown in the 
sketches. It consists of a crystal assembly, suitably clamped along two 




opposite edges, with the diaphragm attached to the centre of the 
assembly. The crystal element itself is made of two thin slices of 
Rochelle salt cemented together with foil electrodes. 



Frequency Response 

Sensitivity 

Crystal 

microphone 

Fairly uniform response from 
100 Hz to 3,000 Hz with a 
gradual rise between 3,000 Hz 
and 8,000 Hz 

High 

sensitivity 

Carbon 

microphone 

Fairly uniform response from 
100 Hz to 600 Hz but tends 
to have resonance peaks about 
1,200 Hz, 1,800 Hz and 

2,400 Hz. The response tends 
to fall off at frequencies above 
4,000 Hz 

High 

sensitivity 

Moving-coil 

microphone 

Uniform response to frequencies 
between 50 Hz and 8,000 Hz 

Good 

sensitivity 


The operation of the crystal microphone depends on the fact that 
the crystal has piezo-electric properties, i.e. it develops electric charges 
when subjected to mechanical stress. Thus, when sound waves reach 
the diaphragm, the crystal assembly is made to bend and, as a result 
of this deformation, voltages are produced at the terminals of the 
electrodes in sympathy with the frequency and amplitude of the sound 
waves. 

The relative advantages and disadvantages of the crystal, carbon 
and moving-coil microphones, as far as frequency response and 
sensitivity are concerned, may be summarized in the preceding table. 

The carbon microphone finds its main use in telephones while the 
crystal and moving-coil microphones are used for recording and 
broadcast work. 

Q. 2. Sketch the circuit of a self-biasing tuned-anode oscillator. 
Briefly explain why such an oscillator is self-starting and produces 
oscillations of constant amplitude. 

An oscillator required to tune over the frequency range 500-2,000 kHz 
uses a coil of self-inductance 150 pH. Calculate the maximum and 
minimum values of the variable tuning capacitor required. 

A. 2. The circuit of a self-biasing tuned-anode oscillator is shown 
in the sketch. 



HT + 

OUTPUT 


When the circuit is switched on an anode current flows which, in 
turn, sets up a small voltage across the tuned circuit L3C3. By mutual 
inductance, a voltage is fed into L2 and thence to the grid of the valve 
and amplified. Providing the feedback between L3 and L2 is in the 
correct phase, oscillations rapidly build up. Capacitor Cl and 
resistor R1 are arranged to bias the valve for “Class C** working. 
Hence, at some point determined by the values of Cl and Rl, a 
position of equilibrium is reached where the loss of charge through Rl 
is exactly counter-balanced by the flow of electrons when the grid goes 
positive. This tends to maintain the oscillations at nearly constant 
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output at a frequency given approximately by 


RADIO AND LINE TRANSMISSION A, 1967 ( continued) 
1 


2 vy/LC 


Hz, where L is 


in henrys and C is in farads. LI is an r.f. choke which restricts r.f. to 
the tuned circuit L3C3. 

In order to tune the oscillator to resonance at 500 kHz, 

^ = 2WLC ’ 

r 1 - 1 

0r > ° 4^/21 4772(500 x 103)2 x 150 x 10-6’ 

= 678 pF. 

The capacitance, C2, required at 2,000 kHz, with L constant, since 



= 42-5 pF. 


Q. 3. Discuss the reasons for the use of a carrier in radio and line 
transmission. 

State one example of the types of radio service for which each of the 
carrier frequencies of 900 kHz , 3 MHz, 20 MHz and 86 MHz would be 
used. 

A 450 kHz carrier wave , amplitude modulated by a 4* 5 kHz sinusoidal 
signal , has maximum and minimum values of amplitude of 1 *6 volts and 
0 • 6 volts. Determine the amplitude of the unmodulated carrier , the depth 
of modulation and the frequency components present in the modulated 
wave. 

A. 3. In line transmission, if more than one audio-frequency signal 
is passed over a pair of wires, there will be mutual interference. If, 
therefore, it is required to send more than one signal over a pair of 
wires the different signals need to operate in separate frequency bands. 
One such method is to amplitude modulate a series of radio-frequency 
carriers, higher than the highest audio frequency in the signals, with 
the signals, and so translate the signals to different parts of the fre¬ 
quency spectrum. The highest carrier frequency is restricted by the 
practical working limit of the line. 

In radio transmission, in addition to the need to separate signals to 

avoid mutual interference, it is necessary to use a carrier because audio 

frequencies are propagated only over very short distances in free space. 
In radio transmission the carrier frequencies are chosen, among other 
reasons, by the optimum propagation conditions for the service 
concerned. 

The types of radio service for the various carrier frequencies are: 

900 kHz: National medium-range broadcasting. 

3 MHz: Medium-range land, aeronautical and maritime mobile 
and point-to-point services. 

20 MHz: International long-distance broadcasting; point-to- 
point, coast-station to ship in the maritime mobile 
service, and ground station to aircraft in the aero¬ 
nautical service. 

86 MHz: National short-range broadcasting, base-station to 
mobile and mobile-to-mobile in the maritime and land 
mobile services, communications between aircraft and 
ground in the aeronautical service. 

If the amplitude of the unmodulated carrier is A and the amplitude 
of the modulating signal is B , then the amplitude of the modulated 


wave varies between A + B and A — B. 

With reference to the question: 

A 4- B = 1 - 6 volts. .(1) 

A - B = 0-6 volts. .(2) 


Adding (1) and (2); 2A = 2*2 .-. A = 1-1 volts. 

B = 0-5 volts. 


The depth of modulation m is given by -y = py = 0-45 or 45 percent . 

When a carrier of frequency F c is amplitude modulated by a 
sinusoidal tone of frequency f a , the resultant waveform has three 
components. These are F Ct F c -I- f a and F c — f a > 

With reference to the question: carrier frequency, F c = 450 kHz 
Side frequency, F c A- fa = 450 + 4*5 = 454-5 kHz. 

Side frequency, F c — fa = 450 — 4-5 = 445-5 kHz. 


Q. 4. Define the decibel and quote three examples of its application. 

The measured response of a series tuned-circuit is shown in the 
following table. 


Frequency , kHz 

144 

145 

146 

147 

148 

149 

150 

Voltage 

316-2 

251-2 

199-5 

158-5 

125-9 

109-6 

100 


Frequency , kHz 

151 

152 

153 

154 

155 

156 

Voltage 

109-6 

125-9 

158-5 

199-5 

251-2 

316-2 


Plot the response curve in dB relative to the response at 150 kHz. 
Use the response curve to determine the bandwidth at which the response 
is +2 dB, +5 dB and +9 dB relative to the response at 150 kHz. 

A. 4. The decibel is a logarithmic unit used in communication work 
to express ratios. If P\ and P 2 are two values of power and N the 
number of decibels between their ratio, then: 

N = 10 log ~ decibels. 

The sign associated with the number of decibels indicates which 
power is greater. Thus a negative sign means that P 2 is greater than P\. 

Examples of the use of the decibel are: 

(а) In expressing sound intensities the unit of loudness is the phon. 
For convenience this unit is based on the decibel nomenclature because 
the effect that sound waves have on the ear is roughly proportional to 
the logarithm of intensity. 

(б) With a number of amplifiers in cascade the overall gain may be 
found by adding or subtracting the gains of the individual stages in 
decibels. 

(c) By expressing the field strengths of radio waves in decibels 
relative to 1 mV/m or 1 pW/m it is convenient to readily compare the 
variation in field strength at a particular place or to express the 
variation of field strengths simply by the addition or subtraction of the 
ratios expressed in decibels. 

With reference to the numerical part of the question it is convenient 
to add a third column to show the voltage at each frequency relative 
to the voltage at 150 kHz, using the decibel nomenclature. This is 
shown in the table below (only half the table has been prepared since 
the response is symmetrical about the 150 kHz point). 


For a voltage ratio, 

W=20 log£ dB. 
Vi 


Frequency (kKz) 

144 

145 

146 

147 

148 

149 

150 

Voltage 

316-2 

251-2 

199-5 

158-5 

125-9 

109-6 

100 

Voltage relative 
to voltage at 
150 kHz (dB) 

10 

8 

6 

4 

2 

•8 

0 


Using the table the graph of frequency against response relative to 
that at 150 kHz may be drawn. 

From the graph the bandwidths at which the response is 3, 5 and 
9 dB relative to that at 150 kHz may be read off. They are, 

At 2 dB; Bandwidth = 4 kHz 
At 5 dB; Bandwidth = 7 kHz 
At 9 dB; Bandwidth = 11 kHz. 

It has been assumed that the voltages were measured across a resistive 
load. 
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RADIO AND LINE TRANSMISSION A, 1967 (continued) 



FREQUENCY (kHz) 


Q, 5. The data given in the table refers to a transistor in the common 
base configuration. 


Collector 

voltage 

V c 

Collector current I c (mA) 

Emitter 

current 

0 mA 

Emitter 

current 

2 mA 

Emitter 

current 

4 mA 

Emitter 

current 

6 mA 

Emitter 

current 

8 mA 

-5 

0 

-1*9 

-3-7 

-5-7 

-7-6 

-30 

-01 

-20 

-3*8 

-5-8 

-7-7 

-55 

-0-2 

-21 

-3-9 

-5-9 

-7-8 


Draw the collector-currentjcollector-voltage characteristics for the 
various values of emitter current and the collector-current/emitter-current 
characteristic for V c = — 30 volts. 

Calculate the current gain («j) and the output resistance of the 
transistor. 


A. 5. The collector-current/collect or-voltage characteristic is given 
in sketch (a). The collector-current/emitter-current characteristic is 
given in sketch ( b). 


-9 

-8 


r~ 


I r 

.I e a 8mA 







-7 

-6 




1 





J 

1 I e =6mA 

- t s i 







l c ' 5 
(mA) -4 



' 6 

V c 

I e = 4 m A 


-3 






-2 




Ie*2mA 





| 






y° 



0 -10 -20 -30 -40 -50 -60 

Vc 


(«) 


From sketch (a\ the output resistance of the transistor is given by 
oV g 
6 Ic 

For an emitter current of 6 mA: 

($ V 

Output resistance = 

ole 

= " S = 250,000 ohms - 

= 250 k ohms. 





. (5 • 8 — 2 • 0) mA 

.-.Current gam, a- 2) ^ ■ 


= V 8 = 0-95. 


4 

a 


Current gain, ot u = -r-^—= - 
1 — a 1 

0-95 


0-95 


0-95* 


0 05 — 


Q. 6. Explain what is meant by the term the law of a variable air- 
dielectric capacitor. Sketch graphs showing the relationship between 
capacitance and angle of rotation of the moving vane of the capacitor for 
three typical laws. 

Name typical dielectric material and give the approximate order of 
magnitude of capacitance for the following: 

(a) a radio-frequency decoupling capacitor for use in a radio-receiver , 

(b) a coupling capacitor in an audio-frequency transistor amplifier y 

(c) a smoothing capacitor in the h.t. section of a radio receiver power 
unit . 

Briefly compare the dielectric strength of the different types of dielectric 
mentioned. 


A. 6. The law of a variable air-dielectric capacitor describes the 
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RADIO AND LINE TRANSMISSION A, 1967 (« continued) 


relationship of the angle of rotation of the moving vane of the capaci¬ 
tor, with the capacitance. The shaping of the vanes determines the law 
of the capacitor. 

Curve (1) in the sketch shows a straight-line capacitance-law in 
which the capacitance varies linearly with the angle of rotation of the 
moving vanes. 

Curve (2) in the sketch shows the relationship between capacitance 
and angle of rotation needed to give a straight-line wavelength-law. 
In this case the capacitance varies directly as the square of the angle of 
rotation of the moving vane. 

Curve (3) shows the relationship between capacitance and angle of 
rotation needed to give a straight-line frequency law. In this case the 
capacitance varies inversely as the square of the angle of rotation of 
the moving vane. 

Table 1 shows typical dielectric materials and approximate capaci¬ 
tance value for the three types of capacitor referred to in the question. 


TABLE 1 


Type of Capacitor 

Typical Dielectric 

Approximate 

Capacitance 

Values 

R.F. de-coupling capa¬ 
citor in a radio receiver 

High grade tissue paper 
impregnated with wax 
or high grade insula¬ 
ting oil 

O-OOl-O- 5 pF 

Coupling capacitor in 
A.F. transistor ampli¬ 
fier 

High grade tissue paper 
impregnated with wax 
or insulating oil. Elec¬ 
trolytic usually with 
aluminium oxide di¬ 
electric 

2-25 f*F 

Smoothing capacitor in 
H.T. section of radio- 
receiver power-unit 

High voltage electrolytic 
usually with alumin¬ 
ium oxide dielectric 

4-50 pF 


The relative dielectric strengths of the various materials referred to 
above are given in Table 2. 


TABLE 2 


Dielectric 

Dielectric Strength 

Air 

Good 

Paper 

Good 

Electrolytic 

Excellent 


Q. 7. Figure 1 shows the circuit of a thermionic-diode demodulator. 
Describe , by reference to the diode characteristic, input voltage , output 
current and voltage waveforms , the use of this circuit for the demodulation 
of an amplitude-modulated signal. Mention the function of each resistor 
and capacitor and state suitable values for each component. 



A. 7. Sketch (a) illustrates the voltage-current characteristics of a 
thermionic diode. If the amplitude-modulated waveform shown in 
sketch (b) is applied to the input of the thermionic diode then, due to 
the characteristic shown in sketch (a), only the positive swings of the 
input signal will produce pulses of current through the diode. These 
pulses are illustrated in sketch (c). By choosing suitable values of 
Cl and R 1 the envelope of these pulses may be made to closely follow 
the envelope of the original amplitude-modulated signal of sketch (b). 
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The voltages across the combination of Cl and Rl, besides contain¬ 
ing the wanted modulation envelope, will also include a d.c. component 
and a residual amount of r.f. Employing a large value of Cl largely 
removes the r.f. component, any residual being removed by the low- 



pass filter formed by resistor R2 and capacitor C2. Capacitor C3 has 
a low reactance at modulating frequencies but blocks d.c. The variable 
load resistor, R3, has a large value to avoid shunting Rl. 

The output voltage of the demodulator is shown in sketch (d). 

Typical values for the components are as follows: 

Rl = 0-25 Mohm, R2 = 50 Mohm, R3 = 1 Mohm, 

Cl = 100 pF, C2 = 100 pF, C3 = 0-01 juF. 

Q. 8 . Draw the gain-frequency characteristic curves for (a) resistor- 
capacitor and (b) transformer interstage coupling in an audio amplifier. 
Explain clearly for each type of coupling , why the gain varies at low and 
high frequencies. 

State why the common-emitter configuration is generally preferred to 
the common-base configuration for multi-stage audio-frequency transistor 
amplifiers. 

A. 8. Sketches (a) and ( b ) show the gain/frequency characteristics 
of typical resistor-capacitor and transformer-coupled amplifiers, 
respectively. 

In the resistor-capacitor coupled amplifier the voltage gain remains 
effectively constant over the medium range 200-2,500 Hz. The 
reduction in gain at the lower frequencies is due to the high value of the 
reactance of the coupling capacitor at these frequencies. This capacitor 
and the grid resistor form a potential-divider circuit. Hence, as the 
frequency is reduced, the capacitive reactance is increased and less and 
less of the output voltage appears across the grid resistor for appli¬ 
cation to the next stage. At high frequencies, the grid-to-cathode 
capacitance of the valve, together with other stray capacitances, form 
a low-reactance shunt across the grid resistor. Since the grid resistor 
is effectively in parallel with the anode load of the previous stage, the 
overall gain of the stage is reduced as the frequency is increased. 

In the transformer-coupled amplifier the gain remains effectively 
constant over the range 150-2,500 Hz. The reduction in gain at the 
lower frequencies is due to the reduction in the reactance of the 
primary of the transformer. Since this reactance is the effective load 
of the stage, the reduction in reactance at the lower frequencies gives 
rise to reduced gain. The peak in the gain characteristic at high 
frequencies is due to the series resonance between the leakage induct¬ 
ance and the self-capacitance of the transformer winding, when 
referred to the primary circuit. 


\ 




















































RADIO AND LINE TRANSMISSION A, 1967 (< continued ) 



(a) 



A transistor in the common-base configuration has a very low input 
impedance and a very high output impedance. This leads to serious 
matching difficulties when attempting to operate common-base, audio¬ 
frequency, transistor-amplifier stages in cascade. Since the common- 
emitter configuration has a rather high input resistance and a low 
output resistance the matching difficulties are less serious. Hence 
common-emitter multi-stage amplifiers are preferred to common-base. 

Q. 9. Explain clearly what is meant by the terms resonance , selectivity 
and bandwidth when applied to a tuned radio-frequency circuit in a radio 
receiver. 

A communication-type receiver has an effective r.f. bandwidth of 
6 kHz. Describe the possible effects on quality when this receiver is 
used for the reception of 

(a) a double-sideband radio-telephony transmission , 

(b) a high-quality music broadcast , 

(c) a morse-code telegraphy transmission. 

State any facility which may be provided in the receiver to facilitate 
the satisfactory reception of all three types of transmission. 


A. 9. Resonance. Tuned circuits in radio receivers consist of an 
inductor and capacitor in either series or parallel. At one particular 
frequency the inductive reactance and capacitive reactance are equal 
and opposite and balance out to give a low resistive component in the 
case of a series circuit and a high resistance component in the case of 
a parallel circuit. This effect is known as resonance and the frequency 


of resonance is given, approximately, by / * 


- ■= where / is in Hz, 

2tt\ LC 


and L and C are, respectively, in henries and farads. 

Selectivity. The selectivity of a tuned circuit is its ability, due to the 
resonance effect referred to above, to discriminate between a desired 
signal at the resonant frequency of the tuned circuit and a co-existent 
undesired signal at other frequencies. The degree of selectivity is 
determined by the slope of the frequency response curve on either side 
of resonance, the steeper the slope the greater the selectivity. 

To permit a radio receiver to be used for the reception of various 
types of emission it is usual to provide variable selectivity (bandpass 
facilities) in the tuned radio frequency sections of the receiver. 

Bandwidth. The bandwidth of a tuned circuit is the range of fre¬ 
quencies over which the response of the tuned circuit does not differ 
from its maximum value by more than a specified amount. Generally 
the bandwidth is determined by the points on either side of resonance 
at which the response is 3 dB below the maximum value. 

The effects on the reception of different types of emission when 
using a communication type receiver with a total bandwitdh of 6 kHz 
are as follows: 


(a) Reception of double-sideband radio-telephony 

Intelligible speech can be satisfactorily conveyed in the frequency 
range 300-2,600 Hz. Hence, a double-sideband radio-telephony 
transmission may be contained within a total bandwidth of 5,200 Hz. 
Thus, the communication-type receiver with 6 kHz bandwidth would 
provide good reproduction of double-sideband radio-telephony. 

( b ) Reception of high-quality music broadcast 

For good quality music it is necessary that frequencies in the range 
50 Hz to 10 kHz or even higher, should be used to amplitude modulate 
the carrier. In practice the highest audio frequency is usually restricted 
to about 5,500 Hz giving a total bandwidth, for double-sideband 
amplitude modulaton, of 11 kHz. If such a signal was applied to a 
receiver of 6 kHz total bandwidth, the higher audio frequencies in the 
output would be limited to 3 kHz giving very poor quality reproduction 
of the original high-quality music broadcast. 

(c) Reception of morse-code telegraphy transmission 

Telegraphy transmission using morse-code is generally restricted to 
about 24 w.p.m., requiring a bandwidth of 100 Hz. These trans¬ 
missions would be readily reproduced by a receiver of 6 kHz total 
bandwidth but other unwanted signals could also be received in the 
6 kHz pass-band of the receiver thereby causing inertference to the 
wanted signal. 


Q. 10. Draw a block-schematic diagram of a A-wire repeatered audio¬ 
junction circuit. 

Explain clearly the operation of the 2-wire to 4- wire connexion and 
give typical circuit losses. 


TELECOMMUNICATION PRINCIPLES B, 1967 


Students were expected to answer three questions from Q. 1-4 and three from Q. 5-10. 


Q. 1. Describe an experiment to determine the input current! voltage 
and output current I voltage characteristics of a transistor connected in 
common-emitter configuration. 

Give typical curves , and include scales on the axes. 

Explain how the a.c. input and output resistances can be deduced from 
these curves. 

A. 1. An experimental circuit for determining the required charac¬ 
teristics for a transistor connected in common-emitter configuration 
is shown in sketch (n). The base current is small and lb will be 



measured on a microammeter reading to 100 pA. The voltage between 
base and emitter will be less than 6 volts and in order that lb is not 
seriously in error due to the voltmeter current, voltmeter Vb must be 
a high-impedance voltmeter. A valve-voltmeter is suitable. The base- 
emitter bias must be adjustable and is therefore supplied from a 
potentiometer R1 across a 6-volt battery, connected so that the base 
is negative relative to the emitter. 

The current I c in the collector-emitter circuit is measured by a 
milliammeter and the output voltage, V c , by a voltmeter having a 
range 0-10 volts. The collector-emitter potential is adjusted by using 
potentiometer, R3, across a battery connected so that the collector is 
negative relative to the emitter. 

The input-current/input-voltage characteristic is obtained for a 
constant value of collector voltage, V c . Potentiometer, Rl, is adjusted 
to give a series of different values of V &, the current lb being noted for 
each value of Vb. Voltage, V Cy is kept constant throughout. A typical 
curve for this input characteristic is shown in sketch (Z>). 

The output-current/output-voltage characteristic is dependent on 
the value of lb as well as V c . Current lb is therefore kept constant by 
adjusting potentiometer Rl, while a range of values is given to V c by 
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adjusting potentiometer R3. The corresponding value of I c is noted 
for each value of V c . An Id V c curve is thus obtained for each value 
of 4 selected; the result is a family of curves as shown in sketch (c). 



The curves obtained by this experiment are static characteristics as 
d.c. only is used. When a small a.c. signal is applied to the transistor 
between base and emitter, the effect will be equivalent to a small swing 
in lb and Vb over a small part of the curve in sketch ( b ), e.g. between 
P and Q. The slope of PQ, in terms of the units on the axes, will 
therefore give the input a.c. resistance. If US is a straight line through 
PQ, and ST and UT are parallel to the respective axes, the input a.c. 
resistance for a working point of 85 mV is 

UT _ 100 x 10-3 

TS 80 x 10-<s ” 1 >250 ohms. 

It will be noted that the input resistance depends upon the working 
d.c. bias value, because the gradient of the Ib/Vb curve changes 
with Vb. 

Similarly, the output resistance can be obtained from the slope of 
the appropriate curve in sketch (c). The output a.c. resistance will be 
high and nearly constant for a given value of 4 , as long as the working 
conditions arc beyond the turn-over point of the curve. When V c is 
small, i.e. below the turn-over value, the output resistance is much 
reduced. 

Q. 2. Show by means of a phasor ( vector) diagram , or otherwise , the 
phase relationships between the input current and voltage , the magnetic 
flux in the core and the output current and voltage in an ideal transformer 
operating with a resistive load. 

An ideal transformer having a primary winding of 2,000 turns has a 
25-ohm resistive load across its secondary. A 100 -volt, 50 Hz input 
produces 75 volts across the load. 

Calculate: 

(a) the number of turns on the secondary winding , 

(b) the equivalent input resistance of the transformer on load , 

(c) the current in each winding when on load. 

A. 2. In any transformer the primary and secondary windings are 
linked by a common magnetic flux. The magnetic flux therefore offers 
the best basis from which to consider the analysis of transformer 
operation. 

A sinusoidal input current in an ideal transformer will produce a 
sinusoidal flux. This is shown as a sinusoidal waveform in sketch {a) 
and is represented by a phasor (vector) O F in sketch ( b ). The winding 
resistances are to be taken as zero in an ideal transformer so that the 

input winding appears as a pure resistance, being the output load 

multiplied by the (turns ratio) 2 . The voltage across the input terminals 
is therefore sinusoidal and leads the flux by 90°. This is shown in 
sketch (o), and as a phasor, O P, in sketch (b) leading O F by 90°. 
The input current will be in phase with the input voltage. 
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The e.m.f. induced in the secondary winding will lag by 90° on the 
flux producing it, shown in sketch (a) by the dotted curve and as a 
phasor OQ, in sketch (b). Since the load is resistive, the output 


o-►FLUX 


(b) 

current will be in phase with the output voltage. The iron core is 
assumed to be free from loss and to have linear characteristics so that 
it introduces no additional components in the phasor diagram. 

When a load is placed on the secondary of an ideal transformer the 
instantaneous flux must be zero, because the fluxes due to the primary 
and secondary currents will exactly cancel out. This is an ideal condi¬ 
tion which cannot be attained in practice. 

(a) The ratio of output to input voltages will be given by the ratio 
of turns on the output and input windings 

2 000 x 75 

.’. Number of secondary turns — ——^-= 1,500. 

(b) The effective resistance, measured across the primary, of R ohms 
across the secondary is given by the square of the turns ratio. 

Rbt = (os !) 2 x 25 = 44 '4 ohms . 

(c) The output current = r-m.s. output voltage = 75 _ 

resistance 25 -- 


The input current = 77-7 =2-25 amp. 

44.4 - 

The input current can also be calculated as the turns ratio times the 

, , , . 1,500 , . 

output current, i.e. ^qqq x 3 = 2-25 amp . 

Q. 3. Define the terms reactance , impedance , and admittance. 

An impedance of (4 -f j 3) ohms is connected in parallel with another 
of {1 — j5) ohms. Calculate the combined impedance. 

What values of components would give this combined impedance at a 
frequency of 50 Hz ? 

A. 3. Reactance is the ability of a circuit to resist the passage of an 
alternating current without the dissipation of energy. 

The voltage across a reactance is at 90° to the current resulting 
from it. 

Impedance is the ratio of the voltage applied across a circuit to the 
resulting current. Impedance embraces the combined effect of resistance 

and reactance and is a complex quantity. 

Admittance is the inverse of impedance and is also a complex 
quantity. 

When two impedances are connected in parallel their combined 
impedance can be obtained by adding their individual admittances. 
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The admittance of 4 + j3 = ^ = 

= 0*16 — j0- 12. 


jg x 150 = 10 0 volts . 
At discharge the relation between v and t is 


The admittance of 1 - j5 = p— = - 

= 0 039 + jO-19. 

By adding, the resultant admittance = 0-199 -f j0-07. 

Rcsultant impedance = ——L—— 9 


0-199 — j007 
(0-199)2 — (j0 07) 2 ’ 

_ 0-199 -j007 
0 045 

= 4-4-jl-56 

As the imaginary term is negative the impedance is capacitive. 
The reactance of C farad at 50 kHz 

1 

C x 2tt50 x 103’ 

= 1-56. 


: C 1-5617 x 10J’ 

«eE- 

The resistance is 4 • 4 ohms, connected in series with a capacitance of 
2-04/iF . - 


Q. 4. A 150 -volt battery can be switched across a circuit consisting of 
a 20-pF capacitor in series with a 100 -kohm resistor. 

Give an expression for the subsequent current I time relation. 

Calculate: 

(a) the time constant , 

(b) the initial current , 

(c) the final current. 

When the capacitor is fully charged the battery is disconnected. 
A 10 -pF capacitor is then joined in parallel with the 20-pF capacitor, no 
charge being lost in the process. The combination is now discharged 
through the resistor. How long from the commencement of the discharge 
will the voltage take to fall to 37 volts 


A. 4. Thecurrent/ampflowinginthecircuit/secondsafterthebattery, 

V — v 

V volts, is switched on, will be given by Ohm’s law as / = —^—, 

where v is the instantaneous voltage across the capacitor, the resistor 
is R ohms, and the capacitor is C farad. 

Now, v = V(1 — e-dCR ). 

. i _ Ve-dCR 

R ‘ 

(a) The time constant = CR = 20 x 10 x 100 x 10+3 = 2 s 

(b) Initially, i.e. when t = 0, there will be zero charge in"~the 
capacitor and therefore v = 0. 

Hence, 1 = = Jqs = *‘5 mA . 

(c) After a long time the capacitor becomes fully charged and its 
voltage v = 150 volts. 

iflnal = 0 . 

When the battery is disconnected the 20 pF capacitor remains charged 
to 150 volts. Its charge, Q coulombs, is given by 

Q — CV — 20 x 10 _<s x 150 coulomb. 

This remains constant when the capacitance is increased to 30 /iF. 

.*. when both capacitors are connected in parallel the voltage falls to 


v = Ve-tICR , 

giving 

v = 100c-'/3 where, CR = 30-10-« x 105 s and V' = 100 volts, i.e. 
the initial voltage. 

Now, the voltage falls to 37 per cent of V' in the time given by the time 
constant, because e "3 = 0-37. 

Time required = 3s 


Q. 5. Define the term relative permeability of a magnetic material. 
Explain briefly why iron has a high, value of relative permeability. 

The core of an electromagnet is made of an iron rod 1 cm diameter , 
bent into a circle of mean diameter 10 cm y a radial air-gap of 1 mm being 
left between the ends of the rod. 

Calculate the direct current needed in a coil of 2,000 turns uniformly 
spaced around the core to produce a magnetic flux of 0 -2 milli webers in 
the air-gap. 

Assume that the relative permeability of the iron is 150, that the 
magnetic leakage factor is 1-2 and that the air-gap is parallel. 


A. 5. The relative permeability (p r ) of a magnetic material is the 
ratio of the flux density ( B) produced within that material by a given 
value of magnetizing force ( H) to that produced in free space by the 
same magnetizing force. 

It is not a constant for a given material but varies with the value 

of H. For practical purposes, p r = u because the relative permeability 

H 

of air can be taken as unity. 

Iron has a molecular structure that behaves as a large number of 
magnetic domains, each itself having properties similar to those of a 
magnet. The electrons in the atoms behave as current loops that tend 
to turn so that their axes align with any external magnetic field to 
which they are subjected. The inter-molecular forces oppose such 
alignment, with the result that the degree of alignment that occurs is 
determined by the strength of the external magnetic field causing it. 
The magnetic fields of the domains add in the same sense as the 
external field, and therefore augment it. The factor by which it is 
increased is the relative permeability. The iron is magnetically saturated 
when all the magnetic domains are in alignment, no further increase 
in relative permeability then being possible. 

The total flux required in the core = leakage factor x flux in air-gap 

= 1-2 x 2 x 10"*, 

= 2-4 x 10-4 Wb. 


The ampere-turns needed in the coil = flux required x the magnetic 
reluctance of the circuit. 

The magnetic reluctance = reluctance of path in iron + reluctance 
of air-gap, 

_ Efron . Eqir 

FoUrA PoA' 

where L is the mean path length in metres, 

A is the cross sectional area in square metres and, 
p r is relative permeability of that part of the circuit. 

Now Liron = 77 x 10 _1 metres, and L a i r = 10 “ 3 metres. 

Po = 477 x 10 “7 H/m (given) and p r = 150. 

A - 77(0-5 X 10-2)2. 


Reluctance 


77 X 10-1 

47710-7 X 150 X 770-25 X 10-4 


+ 477 X 10-7 X 770-25 X 10-4’ 

JLOio 108 
15077 + 277 ’ 


= 107(2-12 +1-01) in M.K.S. units, 
= 3 -13 x 107 M.K.S. units. 


Flux required = 2-4 x 10 -4 Wb. 

Ampere turns = 2-4 x 10"* x 3-13 x 107, 
= 7,520. 

For a coil of 2,000 turns the current required 
7,520 

= 27>oo amp ’ 

= 3-76 amp. 


95 




























Q. 6 . What is meant by the Q-factor of a tuned circuit ? 

Derive an expression for the resonant frequency and impedance at 
resonance of a circuit consisting of an inductor L having a resistance R> 
connected in parallel with a capacitance C. 

A circuit consists of an inductor of 0 05 // and resistance 5 ohms in 
parallel with 0-1 pF. Calculate the frequency of resonance. Find for 
this circuit and at this frequency 

(a) the Q-factor , 

(b) the impedance. 

A. 6 . The Q-factor of a resonant circuit is the ratio of the reactance 
to the circuit resistance at the resonant frequency. 

_ 00 ^ ^ 

Q ~~R~coCR' 

In the parallel-resonant circuit, the impedance at resonance, 

Z = ^ approximately, 

(oL Q r 

~ (uCR <oC Q(oL ’ 

The impedance of a parallel circuit at resonance equals Q times the 
reactance of either branch. 

The selectivity of a parallel resonant circuit can be expressed as, 

impedance at the frequency of resonance 
impedance at a non-resonant frequency * 

Thus, selectivity is proportional to Q-factor. 

Impedance between terminals 
1 


TELECOMMUNICATION PRINCIPLES B, 1967 ( continued) 

.e. For resonance, B — 0 where B = [o>L( 1 — oj 2 LC) — toCR 2 ]. 
— coCR 2 + coL — co*L 2 C = 0, at resonance, 

L — CR 2 1 R 2 


-G 

-0 


+ 


4- , 


j cuL + R 

1 

j o)L + R 
R -f j coL 

1 — o) 2 LC ~b jc oCR 


—V 1 

-j coCj ’ 



1 — co 2 LC -f ]coCR\ 

) V 

j (oL 4- R J 


(1 - oflLC - j coCR)(R + j coL) 
(1 - a>2£C)2 + afiCW ' 


or, as to ytz 0 , to 2 = ■ 


L 2 C 


LC L 2 - 


resonance. 


H . 

,,co 'yLC z-2 at 

But if f r is frequency of resonance co = 27rf r 

. f-L ITZE 

" Jr 277 Vlc L 2 ' 

Similarly, it can be shown that at the frequency of resonance / r , 

the impedance of the circuit = ^. 

C R 

Substituting, L = 0-05H, 

C = 01 pF, 

R = 5 ohms. 


Frequency of resonance = ^ \jjx: ~~ 

_j.r- 

277 [o- 


R 2 

L 2 ' 


106 


25 

05x0-1 "25 


X 104 


f. 




>] 1/2 . 


R 2 1 

Clearly the ^ term can be neglected compared with —. 

1 104 

. Frequency of resonance = =— [2 x 108]i/2 =-— = 2,250 Hz. 

tt\2 

, „ 2tt2,250 x 5 x 10-2 i4 i 
.. Q c 14 * 1 , 


Resonance occurs when the current and voltage across the circuit 
are in phase, i.e. the imaginary part of the impedance is zero. 


5 

^ ^ L 5 X 10-2 

andZ CR lx 10-7 x 5 


= lOOkohms. 
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